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Plane Quintic Curves which Possess a Group of Linear 
Transformations. 


By SNYDER. 


1. Plane curves which are invariant under linear transformations are 
important because they furnish examples of configurations of points of inflexion 
which disprove Grassmann’s theorem.* 

Thus far no general positive results have been obtained regarding the posi- 
tion and dependence of such points, and each new concrete case is of interest. 
The purpose of this paper is to discuss'the plane quintic curves which are left 
invariant by linear transformations, without considering the important cases that 


are self-dual. 


2. Finite ternary linear groups may be divided into three classes: 


a) Those leaving a triangle invariant ; 

b) The regular body groups ; 

c) Ternary groups not belonging to a) nor b). 
Ofc), the only forms which have been found are G, (Jordan), Gy. (Klein), and 
Gig) (Valentiner). The invariant form of G,,, is the syzygetic pencil of c¢;, that 
of the simple G,, is the defined by y + y’z+ 2’ a= 0, and its covariants of 
orders 6, 12, 21; that of the simple group Gg. is a particular c, and its covariants 
of orders 12 30, 45.7 


* « Zur Theorie der Wendepunkte, besonders der Curven vierter Ordnung,”’ by Justin Grassmann, Disserta- 
tion, Berlin, (1875), The theorem in question (p. 45) is: [fac,_, be passed through } (n — 2) (n + 1) points of 
inflexion of a non-singular c,, the remaining | (n—1) (n—2) points of intersection will also be points of inflexion of ¢,,. 
For n =4, compare the remark by Klein, Math. Ann. Vol. 10, p. 397, (1876). 

{+ For the literature concerning these groups, see Encyclopidie, IB 2, vol. 1,, pp. 839-340, and IB 3f, 
vol. 1,, pp. 528-529. To this list three recent papers by Ciani may be added: ‘‘Un teorema sopra la quartica 
di Klein,’ Rend. Ist. Lombardi (2), vol. 83 (1900) pp. 565-566. «<I gruppi finite di collineazioni ....’’, ibid, 
pp. 1170--1175. ‘Contributo alla teoria del gruppo di 168 collineazioni piani.’’ Annali (3), vol. 5, (1901) 
pp. 83-55. 
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Of the regular body groups, the dihedral group and the invariant G, of the 
tetrahedral group need not be considered, since they are containedina). From 
the invariant forms of the remaining transformations it is seen that a ¢, cannot 
be transformed into itself, hence we need only consider groups of the form a). 
These may be either cyclical perspectivities, = az, =y, =z, a‘=1 or 
projections of rotations a! =a ly, =z, or combinations of the two. 
The order of the first cannot exceed 5, that of the second cannot exceed 10, but 
the third may have a higher order. In case of the cyclical perspective of order 
5 the center cannot lie on the curve. The axis cuts the curve in points at 
each of which the tangent has five-point contact and passes through the center. 
No other tangents can be drawn from the center. If k= 4, the center is a 
simple point on c;, at which the tangent has five-point contact. The axis cuts 
c; in five points at which the tangents have four-point contact and pass through 
the center. If k= 3, the center is a double point and each tangent has five- 
point contact. The tangents at the five points of inflexion on the axis pass 
through the center. Finally, if / = 2, the center is either a point of inflexion or 
a triple point, each branch having an inflexion at the point. In the former case, 
five tangents have their point of contact on the axis, and six bitangents pass 
through the center. In the latter case, only five tangents can be drawn from 
the center, and these have their points of contact on the axis. 

It was shown by Maschke* that every curve which is invariant under a) is 
an integral function of xyz and a*y° + y*2° + 22° =0, a, 8 being zero or posi- 
tive integers. The invariant curves of the cyclic perspectivities will first be 
considered. 


3. It can be easily shown that a c; cannot remain invariant under two 
harmonic homologies having a common axis. For, let z=0 be the common 
axis, (0, 0, 1), (0, 1, 1) be the two centers. 

The first homology is , and the second is If ¢, 

xy—2z2 —z 
is invariant under the first, its equation can contain no odd powers of z, 


(2, y) y) + y) = 0. 
On making the second transformation and equating the coefficients of the new 
terms which appear to zero the equation is seen to be factorable. 


*«On ternary substitution groups of finite order which leave a triangle unchanged,’’ JouRNAL, vol. 17 
(1895), pp. 168-184. 
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Moreover, two concentric harmonic homologies cannot leave a ¢, invariant 
from the remark concerning the configuration of the tangents and bitangents 
from the center which we saw must lie on the curve. If A, A’ be the centers 
and a, a’ the axes of two harmonic homologies which leave c¢, invariant, either 
A lies on a’, A’ on a, or a third homology exists whose center ison AA’. Inthe 
first case, by taking a, a’, AA’ for axes, the transformations may be expressed by 


(2 

This requires that x, y enter the equation in even powers only, which is impos- 
sible. Hence if ¢; admits two such homologies it also admits a third; if there be 
a third, such that its center is not on the line joining the first two, we must have 
at least nine, forming a sort of Hessian configuration. Hach center is a point of 


inflexion on the curve. The line joining three centers cannot be a tangent to the 
curve, nor pass through a double point. 


4. We now introduce the following notation : 


XS 
8 ax 


= 1, U= U, U,, 


with corresponding symbols for similar changes in y and z. Let P, represent a 
a k-fold point on the quintic curve c,, /, (x, y) be a binary form in a, y of degree 
k, and (x, y) symmetric form, so that ¢$,(x, y)=9,(y, Let G,, be a 


group of order m, in which fe an 


ZN 
aa is regarded as identity. 


5. The c, having P, at (1, 0, 0) and symmetric in y, z 
LP, z) Ps (y, z) = 0 
is invariant under U,. PP, lies on the axis y—z=0. The center (0, 1, —1) 


is a point of inflexion from which can be drawn two bitangents; the simple 
tangent from the center has its point of contact at the residual point on the axis. 


In particular, three forms may be considered that are non-symmetric : 
+ by’ + = 0, 
+ by’ + = 0, (1) 
acy’ + = 0. 


H 
f 
; 
3 
4 
if 
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The first two have a cyclic G;, generated by V;, and the third a Gy», generated 
by Z,and V;. All the point and line singularities of this last curve are concen- 
trated in the invariant points (0, 1, 0), (1, 0, 0). 
The curve 

any? 2 + + 28) =0 (2) 
has a Gy, generated by V,V, and U,. It has five points of inflexion, all on 
xz = 0, each one being the center of a harmonic homology. It has five bitan- 
gents, one through each point of inflexion. The curve 


a (xt + y') + 2(x'— y’) =0 
is invariant under /,. The tangent at (0, 1, 0) has five-point contact. The axis 
y = 0 cuts c, in (1, 0, —1) and at P,. In the former the tangent has four- 


point contact. The four remaining inflexions lie on a line passing through the 
center, upon which they form a harmonic range. 


6. When c; has a P; and is invariant under 7; its equation becomes 
2) + Fs(y, 2) = 0. 
In particular, the curve 
Ad? + ay!) + (a? + by’) = 0 (3) 
is invariant under 7; and S,. The center (0, 0, 1) of 7; is a Ps and (0, 1, 0), 
the center of S,, isa P,. Hach tangent at both multiple points has five-point 
contact. The line y =0 cuts ¢, in two points of inflexion ; the remaining 12 are 
arranged in two hexads. The tangents at P, each count for one double tangent ; 
the remaining 30 are grouped in five hexads. 
The curve 
y*® + bz? = 0 (4) 
is invariant under 7), S,, V;, hence has a G». The two binomial curves are 
self-dual. They also have a continuous group. 


7. The curve 2°f,(y, z) +/(y, z)=0 has S,, and 
(y, 2) + os (y, 2) = 0 (5) 


allows S; and U,. The lines f(y, z)=0 are all inflexional tangents passing 
through P,=(1, 0, 0), the points of inflexion lying on x=0. The remaining 
30 inflexions are arranged in groups of six, a line joining P, to any one will 
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contain two others, and the line joining any one to (0, 1, — 1) will contain one 
other. 
The curve 
ax’ y’+ by’ +c2=0 (6) 
has a G;;, generated by S,and V,. It has a cusp and adjacent double point at 
(1, 0, 0), the tangent 7 = 0 having five-point contact. The side z= 0 cuts c, in 
three points at which the tangents have five-point contact and pass through 
(0, 0, 1). The side 2 = 0 cuts the curve in five ordinary inflexions, the tangents 
passing through the singular point. The latter absorbs two inflexions and two 
double tangents. The remaining 15 inflexions form a set, of which one is real. 
The 45 remaining double tangents are arranged in three such sets. If y° be 
replaced by y‘x, the curve has a Gy of type (2). 
The curve 

yz + +2) =0 (7) 
is invariant under U,, S, and V,.V%, generating a Gy». The curve has a P, at 
(1, 0, 0), each tangent having five-point contact. 20 cuts the curve in five 
ordinary inflexions and the remaining 30 are arranged in two sets, conjugate 
under U,. Only two are real. The 30 points are also situated on 10 lines 
passing through the node. Hach point of inflexion on x= 0 is the center of 
a harmonic homology; six bitangents pass through each. 


8. The curve 2*/f\(y, z) + /(y, z) =0 has the center (1, 0, 0) for a triple 
inflexion ; four double inflexions lie on the axis of 4, and the remaining 32 are 
arranged in eight harmonic groups on lines passing through the center. 

The curve 

| axi'y + 2#)=0 (8) 
is invariant under V; and /,, making a Gy. The five points of ¢, on x = 0, have 
four-point contact tangents, passing through (1, 0, 0) at which the tangent has 
five-point contact. Hach point on z= 0 has a five-point contact tangent. The 
remaining 20 form one cycle, two of them being real. They are arranged on 
four lines through (0, 0, 1), and on five through (1, 0, 0). No proper bitangent 
passes through the center of /;. 


9. The curve 
a + Ps (y, z) = 0 (9) 


belongs to V, and U,. Five points of five-point contact tangents lie on « = 0, 


| 
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and the remaining points of inflexion are arranged on six lines, any three of 
which compose an improper ¢;, whose complete intersection with c, consists of 
points of inflexion, as does also the intersection of c, and 2? = 


10. The curve 
Py + (10) 


has the Gj. generated by S;. 7;. 4. It also has a Cremona group of order 72. 
It has a tacnode cusp at (0, 0, 1). 


11. Of curves of the type + y*2° + y*a® =0, a, #9 there are but 
two types to be considered. 


The curve 
(11) 
is invariant under 


At each vertex of the triangle of reference a side has four point contact. U is 
the product of 


K=( y and K,= y 


x ey y 


The first is the projection of a rotation about (1, 0, 0), y=0, z=0 being the 
isotropic lines, and , is a similarity transformation about (0, 0, 1), through 
which a real point goes into an imaginary point and return to its original posi- 
tions after 12 operations.* Since reality is not changed by 4, it follows that 
there can be at most three real points of inflexion, apart from those at the 
vertices, but as U is a real transformation, there must be just three. 

The other curve of this type is 


eet Jy + ya = (12) 
it has a cusp of the first kind at each vertex and is invariant under U and 


* The theorem that if a point P be successively transformed into P,, P,,...P,_,, P by acyclic collinea- 
tion of order n, the points P; all lie on a conic is not necessarily true when the collineation is not real. In 
both statements of the theorem, a real collineation is tacitly presupposed. See J. Liiroth, ‘‘Das Imaginire in 
der Geometrie und das Rechnen mit Wiirfen,’’ Math. Annalen, vol. 11, p. 84, and ‘Ueber cyclisch-projectivische 
Punktgruppen... ,’’ ibid, vol. 15, p. 304. A. Ameseder, ‘‘Theorie der cyclischen Projectivitaten,’’ Wiener 


Sitzungsberichte, vol. 98, Ila, p. 290. 
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It has 21 points of inflexion of which three are real. Neither of these curves is 
invariant under any other collineation. 


12. The most general c; which allows the three harmonic homologies U,, 

U,, Uz is 
Ao} + Bojo, + Cojo; + Do, + Ho,o,= 0, (13) 

wherein o; is an elementary symmetric function of x, y, z of weight %. The 
centers of these homologies lie on o, = 0 and their axes intersect in (1, 1, 1), 
pole of o,=0 as to the triangle of reference. o, cuts c; in three points of 
inflexion, and two other points defined by x? + ay + y?=0, which are the same 
for all curves of the system. The tangents at the points of inflexion will all pass 
through the pole if 3D+ H=0. In this case all curves of the net have 13 
points in common. The tangents at the simple intersection of o,, o, are 
a+oy+oa°?z=0. They intersect at (1, 1, 1) for every curve of the net. 

Each conic of the pencil 

(xv + oy +02) 

is invariant in the group generated by U,, U,, U;, hence if it pass through a 
point of inflexion it will also pass through five others. The 42 points of inflexion 
are arranged by sizes on seven contes belonging to a double contact pencil. The other 
three are on the line joining the points of contact. These points on each c, are in 
three-fold involution, having o, = 0 for Pascal line. Similarly, a conic of the 
pencil touching a double tangent will touch five others; they form a system in 
triple involution, having (1, 1, 1) for Brianchon point. The 24 remaining 
common tangents to c, and c, form four perspective quadrilaterals. 

The six common tangents of a set may be expressed by ¢, tU,, tU,, tUs, 
tU,U,, tU,Us. | 

Of the 15 intersections of these lines, three lie on each axis, and the remain- 
ing six lie on a conic of the pencil, defining a three-fold involution. 


13. An interesting particular case is furnished by the curve 
o+t+y+2=0 (14) 
which is also invariant under V,, V,, V; making with U,, U,, U; a group of 
order 150,* 


* For a discussion of the G@,, leaving a c, of similar equation invariant, see Dyck ‘ Notiz iiber eine regulare 
Riemannsche Fliche von Geschlecht drei und die zugehorige Normalcurve vierter Ordnung.’ Math. Ann. vol. 
17, (1887), pp. 510-516. 
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The 45 inflexions are arranged by fives on the sides of the triangle of refer- 
ence, each one counting for three; the five-point-contact tangents pass through 
the opposite vertices. Here there are but two conics of the pencil 


(2+ wy (7+ + 


which contain points of inflexion, since these two conics and the line o, = 0 con- 
tain all 15 points. 

The line joining any two points of inflexion will always pass through a 
third. There are 25 such lines; their equations are of the form 


ect 


If we denote the point on x = 0 in which y + 6'z= 0 cuts it by a, and similarly 
for y, 2 and finally replace 2;, y,, % by (t, &, 7) we may say: Three points 
Xi, Yx, 4 lie ona line when 1+ 4+ /=0 (mod. 5). The equation of the line 
may then be written x + 6'y + 6*z=0, and in five other equivalent forms. 
The lines (4, 4, 2), (1, 3, 1); (1, 2, 2), (4, 3, 3); (4, 2, 4), (1, 1, 3); (3, 3, 4), 
(2, 1, 2); (2, 4, 4), (3, 1, 1); (8, 4, 3), (2, 2, 1) intersect on a —y. Of these 
12 lines, each intersects two others in points not at inflexions nor on an axis of 
homology. By U,, the sum of the second and third symbols in any line remains 
constant, and symmetrically for the others. By transforming U,, U,, U; through 

1, etc., we see that G5) contains 15 harmonic homologies. Hach of the 25 lines 
is invariant in three homologies whose centers are the three points of inflexion 
lying upon it. The three axes of homology pass through the pole of the line of 
centers as to the triangle of reference, from which two tangents can be drawn 
to c,, meeting it at the residual intersection of (2, &, 7). The pencil of conics in 
each case remains invariant, hence: The fifteen points of inflexion are arranged 
by sixes on 50 conics, by threes on 25 lines and by fives on three lines. 

Through the nine points of inflexion lying on any three lines a pencil of ce, 
can be passed, but no curve of any pencil can contain a tenth point of inflexion 
without becoming the sides of the triangle of reference. Similarly for the pencil 
formed by any line and either of inflexional conics, as 


xyz + 2(a+y +2) 


Similar configurations exist for the bitangents. Three are absorbed in each 
inflexional tangent, and five proper ones pass through each point of inflexion. 
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14, Of the preceding types, those which are invariant under more than one 
cyclic perspective are here arranged for reference. 


+b? =0. (1) 

ary +2)=0. (2) 

az’ (x® + ay’) + bx’ (a? + by?) =0. G,. (3) 
ax’ y®+be=0. Gy. (4) 

(y, 2) + o5(y, 2)=0. Gy. (5) 

ax + by’ + c= 0. Gy. (6) 
ax*yz+b(y>+2)=0. Gy. (7) 
Gay. (8) 

2) =0. Gy. (9) 
Gy. (10) 
Gy. (11) 

byt Gy. (12) 

Ao} + Boio, + Coico; + Do,o3+ Ho.o,=0. (13) 
Gig. (14) 


Among these types, the only ones that have more than one harmonic 
homology are (2), (7), (13), (14), the numbers being respectively 5, 5, 3, 15. 


CORNELL UNIVERSITY, August 7, 1906. 
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On Birational Transformations of Curves of High Genus. 
g 


By VirGit SNYDER. 


The purpose of this paper is to show that nonsingular curves and others of 
genus exceeding a given number cannot be transformed into other curves of the 
same order by birational transformations other than collineations. The method 
employed will be two-fold; for the nonsingular curves we consider sections of a 
certain ruled surface then establish it for higher cases by induction. For the 
other cases, the “‘n-gonal”’ series of Bertini and certain inequalities will be 
employed in connection with linear transformations of hyperspace. 


1. Given two nonsingular plane curves of order four, ¢,, cj, in (4, 1) point 
correspondence such that A, A’ and B, B’ are two pairs of corresponding points. 
Find cj, projective with cj, such that A” =A, B’= B, but otherwise unrestricted. 
Turn the plane of cj about AB through any angle. The lines joining pairs of 
corresponding points P, P” will generate a ruled surface of order 6 and genus 8. 
But by Wiman’s formula * 

p=%(n— 2)(n—3) 
wherein p is the genus, m the order of a ruled surface not contained in a linear 
congruence. Hence the sextic must belong to a linear congruence and the only 
quartic curves upon it lie in the planes of the pencil whose axis is a double 
generator. From the method in which the surface was generated, the points 
C, D in which AB cuts c¢, and C", D" in which it cuts ¢{ must be corresponding 
points no matter what points were chosen for A, B. Hence «,, cj are projective.t 

For nonsingular c, and c, exactly the same reasoning can be employed; for 
n= 7, however, no new results are obtained, since the resulting ruled surfaces 
are of too high an order to preclude the possibility of the required genus. 


*A. Wiman, ‘Klassification af regelytorna af sjette graden.’’ Dissertation, Lund, 1892. See also Acta 
Mathematica, vol. 19 (1893). 

+ This proof for c, was given by me in the JouRNAL, vol. 25 (1904), p. 187, but only too brief an outline 
of its extension to higher orders was there given. 
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2. From the Brill-Noether theorem we know that if any c, is birationally 
transformed into cy, the adjoint curves , 3; go over into @y_3, and conversely 
every such transformation which transforms the entire system @,_; into a system 
@y— 3 Will transform ¢, into some cy. From what we have just seen, no trans- 
formation except collineations can transform the *c,, the »*c, or the oe, 
into themselves. 

If ac, of p= 15 can be transformed into itself or any other c,, the «1 
system of @, must also remain invariant; but this system may be defined by 
fourteen nonsingular curves of the system, which must be linearly transformed. 


= 
From §1 this is only possible by collineations. In the same manner for ¢,, 
since we can define the adjoint system by nonsingular @,, and for c, g,. Since 
the theorem is true for ¢,, ¢.4;, C4. by repeating this process, it is true for all 


nonsingular curves, hence: 
When a (1, 1) correspondence can be established between the points of any two 


nonsingular plane curves, they are projectively equivalent.* 


3. In case of c; of p=5, >,_3 are conics passing through the node. If this 
point be (0, 0, 1), the equation of the system may be written 


ax’ + 2hey+ by + 2fyz2= 
It must go into itself by all the birational transformations of c,. If we put 


and regard x; as homogeneous point coordinates in a linear space of four dimen- 
sions f,, the image of ¢, is a c,, whose intersections with 2, are the eight points 


common to 


*This theorem presupposes x > 3. Two cubic curves in (1, 1) correspondence are projectively equivalent 
as a whole, though any nonsingular ¢, can be birationally transformed into itself by an infinite number of non- 
linear transformations. For x = 4 the result immediately follows from consideration of the adjoint curves, 
which are straight lines. The theorem is stated without proof for xn —5 and n =6 by Wiman, ‘‘ Ueber die 
algebraischen Kurven von den Geschlechtern p = 4, 5, 6, welche eindeutige Transformationen in sich besitzen,”’ 
Stockholm Akademien Handlingar, Bihang, vol. 21, no. 3, pp. 1-43 (1895). The general theorem is similarly 
stated by me in the JourNAL, /. c. and also by C. Kiipper, ‘‘Ueber das Vorkommen von linearen Schaaren g?2 
auf Kurven xter Ordnung.. .,’’ Prager Sitzungsberichte, 1892, p. 264. 

+ While this depiction has been extensively employed by various writers, it has apparently not been used 
for the present purpose. The number of linearly independent quadratic relations among the curves was found 
by Weber, ‘‘Ueber gewisse in der Theorie der Abelschen Funktionen auftretende Ausnahmefille,” Math. Ann. 
vol. 15 (1877). Other particular cases were discussed by Kraus in Math. Ann. vol. 16. 


} 
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But not every curve of genus 5 can be reduced to a nodal quintic, hence we 
should expect certain relations in consequence of the reduced number of moduli.* 
In this case we have 


hence the quadrics have a ruled hypersurface in common, having 2; = 2, = 2; for 
directrix, and generators of the form 2, =Az, %—=Ax3, The directrix 
is the image of the node, and the generators are the images of the straight lines 
passing through it. Every linear transformation in 2, which leaves the system 
of quadrics invariant must also transform this ruled hypersurface into itself; 
incidentally, therefore the directrix must remain fixed and the generators can 
only be permuted among themselves. The node (0, 0,1) and the pencil a =Ay 
of our plane c therefore go into themselves. Among the o* adjoint conics 
are »®* degraded ones, consisting of a line through the node and any other line, 
which must go into themselves; that is: A nodal plane quintic curve can be trans- 
formed into itself or any other nodal quintic only by collineations. 


4. Exactly the same method will apply to curves of any order greater 
than 4 and having a single node. A number of the quadrics in #, will have an 
invariant configuration in common which is the image of the node and the pencil 
of straight lines through it. As the »?~ system of @,_; can be transformed into 
itself by collineations only (by $1), we may say: When two curves (p > 2) having 
a single node are in (1, 1) point correspondence, they are projectively equivalent. 


5. Moreover, we can draw the same conclusions from curves of order n 
and having a single multiple point of order 3. In casei =n — 8, 
p=2n—B5 and the (2 — 7) (m — 4) quadrics have a ruled hypersurface in 
common, whose (n — 3) fold directrix is the image of P; and the generators are 
the images of the lines through it. The adjoint },_3; have an (mn — 2) fold point, 
hence the equation is of the form 

Uns (@, + Uno (x, y) = 0. 

The only transformation that will transform this system into itself is a 

collineation.+ 


* The normal curves for general moduli are given for every value of p in Clebsch-Lindemann’s Geometrie, 
vol. 1, p. 709. 

+See Jung, ‘“‘Ricerche sui sistemi lineari di curve algebriche di genere qualunque,’’ Ann. di Mat. vol. 15 
(1887), and vol. 16 (1888). This theorem has been employed by Kantor and by Wiman in their enumeration of 
finite groups of Cremona transformations. 


_ 
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If two plane curves of order n have a single multiple point of order iS n— 8, 
they can have no (1, 1) transformation into each other except by collineation. 

Such curves have a linear series g!, and when i = n — 3, they are particular 
cases of Bertini’s trigonal curves.* 

Moreover, this result can also be derived from Zeuthen’s formula 


e—c' = (p—1)— 2e(p' — 1). 


Here e= 3, d= 1, =0, p' =0, hencec=2p+4=—4n—6 for the number 
of curves cutting g; which touch the given curve; but this is exactly the number 
of tangents toc, from P,_;. In every case the three points of each group of g} 
are collinear, and the lines are always concurrent if p= 2m—5. If p > 4, 
evidently c, cannot have two g}, no matter what its configuration of double points 
may be, for if ¢+ ug’ =0, +A’ =0 be two systems of adjoints of order 
n — 4, between yu, 2 would exist a (3, 3) relation, but such a correspondence has 
a maximum genus 4. No curve of order greater than 4 can have general moduli 
and possess a g3. 


6. Ac, having two nodes has a system of ’c, with the nodes for common 
basis points for adjoint curves. Among these curves are «* which factor into 
a line through each node and one other line. The pencils through the nodes 
must either remain invariant or simply interchange, hence the third line must go 
into a line. 

A binodal sextic curve cannot be transformed into another binodal sextic except 
by collineation. 

By means of §§ 1, 2 we can conclude in general: When between the points of 
two binodal curves (p > 4) a (1, 1) correspondence exists, the curves are projectively 
equivalent. 

Now suppose ¢, has a x-fold point, x <n = 4, and a double point, but no 
other singularities. The gj, through P, and the g, through P, must both 
remain invariant, and the residual 9, _, having a (« —2)-fold point must go into 
a similar curve. From the last preceding case it is only possible by collineations 
whenn=6. By §2, this is also true forn =7 and n=8. From three con- 
secutive sets we may build up any case, hence: When ac, has a x-fold point 
(x <n — 4) and a double point it can be transformed into another c, only by 
collineations. 


* Bertini, ‘‘La geometria delle serie lineari sopra una curva piana secondo il metodo algebrico,’”’ Anz. di 
Mat. vol. 22 (1894), pp. 1-40. The result of this § could be obtained from y) p. 31. 
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7. ‘Two fundamental questions arise from the preceding theorems: a) What 
is the largest number of double points a curve may have and not have a group of 
birational transformations except collineations? 6) What is the lowest order of 
a curve to which a nonsingular curve may be transformed by birational but not 
by linear transformations? We shall answer these two questions in the order 
in which they are given. 


8. On any curve the straight lines of the plane cut out a series g?. When- 
ever it is possible to define another g?,, whose groups are not on lines, the curve 
can be transformed into another curve of the same order. 

If 5 be the largest number of double points such a curve can have, 4 is less 
than the minimum for a space curve of the order n, since the latter has g}, formed 
by the »* planes of space. By projecting upon a plane, only those groups will 
be collinear points whose planes pass through the center of projection. Hence 
every such curve will have proper g?. First then 


For such values of p, no g}, exist, hence gj, are complete series. We are only 
concerned with n > 6, hence g’, is a special series, and can therefore always be 
cut from ¢, by a proper or composite $,_;. If one such G,, be given, and a @,_3 
be passed through it, the residual points of intersection of },_3, ¢, form the basis 
points of »” such @,3; the variable intersections then constitute the g%, to which 
the given G, belongs (Riemann-Roch theorem). It was shown. by Kantor* that 
if these »* , , are all composite, they must consist of one fixed curve and a 
variable curve of order x, the latter constituting an irreducible net. 

Let d double points of c, be among the basis points of the net. Of the nz 
intersections of c,, ¢,, » are to be variable and d lie in the double points. The 
number of fixed basis points of the net is therefore n(a—1)-—d. It has been 
shown by Kippert that the maximum number of fixed basis points of «* c, is 
x” — 1), hence 

d= («—1)(n—«ax)—1 


*§. Kantor, ‘‘Neue Theorie der eindeutigen periodischen Transfoitmationen in der Ebene,’’ Acta Math. 


vol. 19 (1895), pp. 115-193. ; 
+ C. Kiipper, in the Prager Abhandlungen, series 7, vol. 3 (1889). 
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The c, which determine g’, on ¢, must pass through at least (x —1)(n—~«x) —1 
double points on 


9. It is therefore necessary to take for x the value which will make 
d a minimum, provided such a curve is possible. A few illustrations will 
be given. 

Ifn=6,5=3. Evidently any trinodal c, can be transformed into a ¢, by 
quadric inversion, using the nodes for fundamental points. No such conic is 
possible, however, if the three nodes are collinear, or coincident (§ 5). 

Ifn=7,d=7. Evidently are here the through the seven nodes. 
If the double points are coincident, )< 7. c; with 2P; or P;+ 2 P, can be 
transformed into similar c; by quadratic inversion. If a P, be present, no g? 
exists unless a double also exists, i. e. § = 7. 


ifta>%, a> —, since c, must contain at least (« — 1) (n—a2)—1 


double points of among its fixed basis points. When n= 8, =4, and §=11. 
These points can be assumed at will, but the resulting curve is a particular one 
of order 8 and genus 10. 

If n = 10, x may be 7,6,5. The corresponding values of § are 17, 19, 19, 
but 6 =17 Jeads toa contradiction. Through 17 P, and a Gy we can pass a c,, but 
when x=6,0=19. If cy has Py, + P,(8=16) or Py +2 P;(8=12) the 
transformation is possible, but not for P,;, 6=21 (§5). To construct a cy having 
19 double points and a gj), pass two ¢, through any four fixed points on ¢,. 
These ¢, will intersect in 21 further points which are basis points of a net of ¢;. 
Let 19 of these be chosen as double points on ¢); through them and five points 
on the same ¢, pass two c,. We now have two pencils ¢; + Ac, =0, ¢ + weg = 0. 
Let 2, u be so chosen that the ¢,, c, passing through a given point will be corre- 
sponding. If the point be chosen on ¢,, the correspondence will be (1, 1) because 
c; has 4 points on ¢, fixed, and ec, has 5. The remaining locus will be ce, having 
19 P,. The net of ¢, or the net of ¢, will each cut from it a gig. 


10. Since } = «=n — 3, and 4 is small for larger values of =, it easily follows 
that the largest number of distinct double points which a curve of order n may have 
without being birationally transformable into another curve of the same order is two 
less than the minimum number of double points which a space curve of the same order 
can have. (n > 7). 


H 
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11. For large values of n, only very particular curves ¢c, can be so trans- 
formed. To obtain a more precise limit, express the condition that a G,, cannot 


lie on 


(x — 1)(n—a)—1+4 424 (x + 2).* 


a, from which we can say: 


Hence « < 
A c, containing a g;, not lying on the ~* lines of the plane cannot have less than 
‘g —1)(n — x) —1 double points, x being the largest integer less than 2 = 1) 


Thus for n = 11,6= 24. It is an interesting exercise to construct this ¢,,. 
The double points cannot be assumed at will; they are among the 31 intersections 
of two sextics having 5 points on a straight line in common. A c, with 2 P, 
(6 = 20) can be transformed into a similar ¢c,, by inversion. 

12. We now consider question (6). A general curve of genus p has 3 p — 3 
moduli which are undisturbed by birational transformation, but the most general 


c, has not more than —— — 8 or p+3(n—8) such moduli. Any non- 


singular c, can by quadratic inversion be transformed into a c,,_;, having three 
(n—2)-fold points and no other singularities, and conversely. 

Given two curves, c,,c,, «zy. Their xy intersections are such that every 
C,,,-3 through all but one of them will contain that one also (Cayley). It isa 


-m+3 


minimum group on the curve. If «+ y=m-+ 3, then x= = von The number 


(m + 2) 
2 


2 
of points in the group varies from m + 2 to e= if m is odd, or to 
a : 4) ifm iseven. Our problem may now be stated thus: to find the smallest 


value of x for which g? exists on ¢,, x >. It has been partially treated by 
Kipper f and his definitions will be here reproduced. 

G, is called normal as to ¢,, if any c,, through @—1 of the points does not 
have to pass through the other also, otherwise G, is abnormal as to ¢,,. 

If G, is determined by @—gq conditions, g is called the excess of G as to c,,. 


* It was shown by Kipper, Prayer Berichte (1892), that if c, contains a G,, of g7, it imposes exactly gy + 1 
conditions. This inequality is then proved, but a large number of errors have made the application there made 


of it of small value. 
*C. Kipper, ‘‘Zur Theorie der algebraischen Curven,’’ Monatshefte fiir Math. und Physik, vol. 6 (1895), 


pp. 127-156. 
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By the Riemann-Roch theorem, g is the number of degrees of freedom in the 
series of curves having the residual of G, for basis points. If Gg is abnormal 
as toc,,, but every Gj )_, contained in it is normal, G, is called primitive. The 
following theorem can now be easily proved: Jf it be impossible to pass c, through 
G,, then the excess of the group as to ¢,_; is 4 (t+ 1) (t + 2).* 

An abormal G, containing the smallest number of points is called a minimum 
group as to c,.. We can now prove the theorem: 

Given a primitive G,, andx«+y=m+3,a5y; G,, isa minimum group 
for Cp, unless tt lies on c; (i < x). 

We first prove the following lemma: If m is the lowest order a curve can 


m+ 3 m+ 3\" 


have which contains G,, and n > 


First, 2n =m+3+ or n—1=m—(n— 2—9). 
On putting n — 2— § = 1, the excess of as to ¢,_, is 2 
If now c,_, through G, is impossible 


n—1)(n+ 2 — 1— 9) (n— 4) 


? 


so that +9 
hence o> (* =) unless § = 0. 
It follows therefore that z > st could not be the lowest order of a curve 
-m+3 


through the group, nor « < z= aon for such a minimum group would consist 


of z(m + 3 —z) or more than xy points. Since t << x was supposed impossible, 
c, is the curve of lowest order through the group. If Q< xy and G, primitive, 
c;(t< x) can be passed through it. If @< 2(m+ 1), Gg lies on a straight line; 
if Q< 3m, G, lies on a straight line or a conic. 


* Kupper, J. ¢. 
3 
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13. Consider c,;. We have seen that no gj lies upon it except that defined 
by straight lines. If a gj be possible, it must be a special series, hence each G, 
lies on @,. Passac, through aG,. The residual is a G,, through which o? 
conics should be possible, but this is only possible when all four points are 
collinear. The * lines would then have to cut ¢ in 6 points, but this is im- 
possible if c, is irreducible. A non-singular quintic curve cannot be transformed 
into a sextic by any birational transformation. Since 7=2n —3, the »*c, through 
three arbitrary points on c, will define a g;. In exactly the same way it can be 
shown that a c, of p = 10 cannot be transformed into a c¢; nor ¢,. 


14. A gj is special if g >Q@—p+1. Hence if =2, and p= 4(n— 1) 
(n —2), the group G% will be special for every value of x < n— 3 when 
Q=xn—B,8<n. We need consider only x =2 and £2 3, in which case 
G,,-, is always defined by 9,_;. But these adjoint },_; are composite, and the 
variable curve is of order x or x—1, hence all the g3,,_, can be cut from c, by ¢., 
and hence @ = 8. In general a non-singular c,, cannot be birationally transformed 
into a curve of order lower than 2n— 3. It can always be transformed into a c2,,_3 
by means of quadric inverston, which is birational for the entire plane. 

This method will also apply to singular curves with special moduli, but for 
complicated P; the number of particular cases becomes very large. 
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Surfaces with the same Spherical Representation of their 
Lines of Curvature as Spherical Surfaces. 


By Lutuer PFAHLER HISENHART. 


INTRODUCTION. 


In several memoirs* we have studied the surfaces with the same spherical 
representation of their lines of curvature as pseudospherical surfaces. It is now 
our purpose to consider the surfaces with the same representation as spherical 
surfaces with a view to deriving significant theorems similar to those for 
A-surfaces,* and also theorems which of necessity have no analogues in the 
theory of the latter surfaces. 

After finding in §1 reduced forms of the equations of Gauss and Codazzi 
to be satisfied by the fundamental quantities of the surface, we derive the ex- 
pressions of the latter for the surfaces parallel to a given spherical surface and 
note that two of them are surfaces of constant mean curvature — as found by 
Bonnet. t+ We say that all the surfaces with the same spherical representation 
form a group; evidently the spherical surface of unit curvature of the group 
determines the group, and in this sense it may be said to be associated with each 
member of it. Bonnet has shown} that, given one of the above surfaces, there 
is a unique surface of the same kind applicable to it with correspondence of the 
lines of curvature, and that these are the only surfaces possessing this property; 
on this account we call them surfaces of Bonnet. It is shown that the two 


* Surfaces with the same spherical representation of their lines of curvature as pseudospherical surfaces, 
Amer. Journ., vol. 27, pp. 1138-172 (1905); we have called them A-surfaces and hereafter this memoir is referred 
to thus: A. p. 113. 

Surfaces analogous to Surfaces of Bianchi, Annali, vol. 12, pp. 113-148 (1905). 

+ Note sur une propriété de maximum relative 4 la sphere, Nouv. Annal. de Math., vol. 12, p. 433 (1853) ; 


also, Bianchi, Lezioni, II, p. 487. 
{ Mémoire sur la théorie des surfaces applicables sur une surface donnée, Journ. de |’Ecole Polytech., 


Cahier 42, p, 44 et seq. 
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spherical surfaces associated with a pair of applicable surfaces of Bonnet are the 
Hazzidakis transforms* of one another. 

Bianchi has established} an imaginary transformation of spherical surfaces 
which is similar to the Backlund transformations of pseudospherical surfaces. 
In § 2 we have given a generalization of this transformation making it applicable 
to any surface of Bonnet in somewhat the same manner that we did for A-surfaces. 
As in the case of the latter a theorem of permutability can be established so that 
the knowledge of the general transformation of a surface of Bonnet enables one 
to find, by algebraic processes, all the transformations of the transforms of the 
original surface. This is done in § 8. 

By means of the theorems of permutability we find in §4 two imaginary 
transformations which, when applied successively, transform a given real surface 
of Bonnet into a new real surface. In particular, we consider the case where the 
latter belongs to the same group as the original surface. 

In §5 we apply the generalized Backlund transformation to two applicable 
surfaces of Bonnet and show that the functions determining the transformations 
can be chosen so that after each surface has been subjected to two transformations 
the resulting surfaces of Bonnet are applicable. 

With the aid of the functions giving the generalized Backlund trans- 
formations we can define a general transformation from a given surface of 
Bonnet to an imaginary one of the same group, as in the case of A-surfaces. { 
When such a transformation is known, we can find without quadrature another 
which together with the former transforms the original surface into a real surface 
of Bonnet of the same group. These results are obtained in §6. In §7 several 
particular solutions are found giving surfaces whose coordinates are expressed 
in forms similar to those which define the surfaces of Bianchi and the surfaces 
analogous to them, which we have considered elsewhere. § 

In §8 we show that, when one has a surface of Bonnet, 8, and knows a 
Backlund transformation of it into another surface of Bonnet, then he can find 
by algebraic processes the unique surface of Bonnet applicable to § with corre- 
spondence of the lines of curvature. 


* Bianchi, Lezioni, II, p. 437. 

+ Bianchi, Lezioni, II, p. 452. 

{ Surfaces analogous to Surfaces of Bianchi, 1. c. p. 116. 
§ Ibid., pp. 118 et seq. 
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§1. Transformation of Hazzidakis. Theorem of Bonnet. 


When a spherical surface = of total curvature + 1 is referred to its lines of 
curvature, the parameters can be so chosen that the linear elements of the surface 
and its spherical representation can be given the respective forms* 


= sinh’ w du” + cosh’ dv’, (1) 

= cosh* du® + sinh’ dv’, (2) 
where @ is a solution of 

ha + dei + sinh w cosh w = 0. (3) 


Denote by S any surface with its lines of curvature represented upon the 
sphere by the same lines as >, and write its linear element thus 


ds* = Kdu*? + Gdv’*. (4) 
The second fundamental quantities have the forms + 
cosha, DP =z, D!' = AVG sinha. (5) 


The Codazzi and Gauss fundamental equations} for S are satisfied, if HF and G 
are such that 
1 WG WH _ a. (6) 
VE du du’ VG dv dv 
Surfaces satisfying these conditions will be called surfaces of Bonnet. When a 
system of lines on the sphere leads to a linear element of the form (2), the 
determination of all the surfaces of Bonnet with this representation of their 
lines of curvature requires the integration of an equation of Laplace.§ We shall 
say that these surfaces form a group, which evidently is signalized by the 
spherical surface 2 of the group. It is evident that all of the parallels of a 
surface of Bonnet are surfaces of the same kind. 
On the assumption that # and G are functions of alone the equations (6) 
reduce to forms from which it can be shown that the most general expressions 
for E and G, on the given hypothesis, are such that 


=¢, sinhw + cosha, G = sinha + ¢, cosh w. (7) 


* Bianchi, II, p. 436. + Ibid., I, p. 150. t Ibid., I, p. 122. § cf. A, p. 118. 
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In particular, when c, = 0, S is &, or homothetic to it, and when c, = 0, S is 
a sphere concentric with the unit sphere. When 


we have 
(8) 


where the upper or lower sign obtains according as c, and c, have the same or 
opposite signs. In like manner the radii of curvature have the expressions 

so that the mean curvature of the surfaces is + a Moreover, it can be shown 
that, for every surface with constant mean curvature, the parameters of the 
lines of curvature can be chosen so that the fundamental quantities of the first 
order are of the form (8) and the principal radii are given by (9), or in inverse 
order; here a is any solution of equation (3). 

Bonnet showed that surfaces of constant mean curvature are parallel to 
certain spherical surfaces. But it can be proved readily that all the surfaces of 
Bonnet with the spherical representation (2) and whose fundamental quantities 
of the first order are of the form (7), with c, and c, arbitrary, are parallel to the 
spherical surface > associated with them, or are homothetic of the surfaces 
parallel to it.* 

From the theory of applicability of surfaces we know that there is a double 
family of lines of the unit sphere for which the parameters can be chosen so that 
the linear element takes the form (1). If the linear element of surfaces with 
this representation of their lines of curvature be written in the form 


dsi = + G, dv’, 
we may take for the fundamental quantities of the second order 
D, =~ sinh a, cosha 
and the Gauss and Codazzi equations reduce to (3) and 


avG, _ 1 OWE, _ d (10) 
VE, du ~ du’ VG, dv ~ dv’ 


* ef. A, p. 124. 
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In the first place we remark that the latter equations are satisfied by 
= cosh’ w, G, = sinh’o. 


The corresponding surface is seen to be spherical; call it ¥,. Bianchi has 
called it the Hazzidakis transform of >.* 

Again, on comparing (6) and (10) it is seen that a solution of equations (10) 
is given by 

Hence the theorem: 

Every surface in the group of surfaces of Bonnet associated with a spherical 
surface > ts applicable to one of the surfaces of Bonnet associated with the Hazzidakis 
transform of >. 

It is evident that the lines of curvature correspond on each pair of these 
applicable surfaces. Bonnet has shown that these are the only pairs of 
applicable surfaces with this property. 

As in the case of the A-surfaces,} it can be shown that: 

The spherical surfaces and their parallels are the only surfaces of Bonnet 
which are Weingarten surfaces. 


§ 2. Generalized Backlund Transformations of Surfaces of Bonnet. 


Consider a point M on a surface of Bonnet and in the tangent plane at this 
point draw a line through JM, denoting by 6 the angle which it makes with the 
positive direction of the tangent to the curve v = const. through M. It is our 
purpose to consider the envelope of the plane which meets the tangent plane, 
under constant angle o, in the line as above drawn. 

Denote by &M, the point of contact of the above plane with its envelope. 
From MM, drop a perpendicular to the line of intersection of the two planes, and 
denote its length by uw. Further, let 2 denote the distance of the foot of this 
perpendicular from J. 

We refer the surface to the moving rectangular axes formed by the tangents 
to the lines of curvature at M and the normal to the surface at this point. 


The coordinates of Jf, with respect to these axes are 


2 cos cose sin 9, 2 sin 6 + u coso cos 6, sin o. (11) 


* Lezioni, II, p. 439. + A, p. 125. 
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The projections upon these axes of a small displacement of Mf, are found to be* 


d (a cos 6 — cosa sin 6) + / Edu + uw sino cosh w du 
Ow 
+ (A sin 6 + u cos 6) du — ), 
d (a sin 6 + u cosa cos 6) + WG dv — (A cos 6 — u cose sin 6) (12) 


do 
du — Ou do ) + uw sino sinh dv, 
sin o du — cosh w (A cos 6 — u coso sin 6) du — sinh o (A sin 6 
+ u cos o cos 6) dv. 


The calculations which follow are more readily made, if we replace the 
preceding expressions by the projections of a displacement of M, on the line of 
intersection of the planes (call it MP), the line MQ perpendicular to the latter, 
lying in the tangent plane, and the normal to the surface. From (12) it follows 


that these projections are 
2 ) 
d2z—ucosod§+ V/ Ecos6du+ VG sin6dv + (52 du — de ) cos 
+ sino (cos coshw du + sin 6 sinha dv), 
ad6+ cosodu—/vV E sin 6du + V G cos 6 dv — du — ) 


— sino (sin 6 cosha du — cos6 sinhadv), 
sin o du — cosh (4 cos coso sin 6) du —sinhw(A sin 6+ coso cos 6). | 


(13) 


The direction-cosines of the given plane with respect to the lines MP, MQ, 
MN are evidently 
0, — sing, COS 0. (14) 
Since this plane is to be tangent of the locus of the point M,, the above functions 
must satisfy the following conditions: 


A sino = WE sind sino — cose coshw cos sin@ cosha, 
A sino a5 Oy = — G cos sino —A coso sinha sin —ycos6sinho. | 


We shall consider first the case where the surface Sis spherical, and inquire 


* Darboux, Legons, II, p. 385. 
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whether equations can be satisfied when ” and w are constant, the latter being 
zero. In consequence of (1), equations (15) reduce for this case to 


A sino = sing sin sinh a — cose cos cosh a, 
(16) 
sino (2 + = — sino cos cosh a — A coso sin sinh w. 


Differentiate the first with respect to v and the second with respect to u, and 
subtract; since » is a solution of equation (3) the resulting equation is 
= — sin’o. 
There is no loss of generality in replacing this by 
A=tsin o. 
If this value be substituted in (16) and the resulting equations be differentiated 
with respect to u and v respectively, we have upon adding the equation 


076 , 


det 6 cos 0. 
If we introduce a new function a, defined by * 
tiny, (17 
it is found that a, is a solution of equation (3), and equations (16) take the form 
sin = = — sinh wo cosh w, + coso cosha sinh a,, 
(18) 
sin (i + ) = cosh sinh a, — coso sinh ao cosh a, . 
du 


Now the expressions (13) reduce to 
—7 sinh w sinh w, du + cosh a cosh a, dv, 
— coso (cosh sinh w, du + 7 sinh @ cosh a, dv), (13’) 
— sino (cosh w sinh a, du + @ sinh cosh a, dv), 
from which it follows that the linear element of the locus of M, is 
ds; = sinh’ w, du® + cosh’ a, dv’. (19) 
In order to prove that the parametric lines on this surface, ,, are the lines 


of curvature, we make use of a method followed by Darboux + under similar 
conditions in a study of the Backlund transformations of pseudospherical surfaces. 


* cf. Bianchi, Lezioni, II, p. 454. t Lecgons, ILI, p. 435. 
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From (14) and (17) it follows that the direction-cosines of the normal to >, 
at M, with respect to the original moving axes are 


sin o cosh a,, sino sinhw,, COs (20) 


and consequently the coordinates of a point P on this normal at a constant 
distance a from J/, are 


sing (sinha, + a cosha,), «ising (cosha,+asinha,), acoso. 


Since @, is a solution of equations (18), the projections upon the original axes of 
a displacement of the point P are reducible to 


— (sinh @ sinh a, — cos o cosh @ cosh @,) (sinh a, + a cosh a,) du 

— «(cosh sinh w, — sinha cosh @,) (cosh + a sinh dy, 
— i(sinh o cosh a, — cos cosh w sinh a,) (sinh a, + a cosh a,) du 

+ (cosh » cosh w, — coso sinh a, sinh @) (cosh a, + a sinh a,) dv, 
— cosh w sino (sinh a, + a cosh a,) du 

— 7 sinh o sin o (cosh a, + @ sinh dv. 


From these expressions it is readily found that the linear element of the locus 


of P is 
ds* = (sinh a, + a cosh a,)’ du’ + (cosh a, + @ sinh w,)’ dv’. 


As defined this surface is parallel to the locus of J/,. Sincé the parametric lines 
form an orthgonal system on both surfaces they are the lines of curvature for 
these surfaces. | 

Since a, is a solution of equation (3), the surface >, with the linear element 
(19) is a spherical surface, whose spherical representation is given by 


ds{” = cosh’ a, du? + sinh’ a, dv’. (21) 


As in the case of the Backlund transformations of pseudospherical surfaces, 
equations (18) can be transformed to the Riccati type, so that for a given value 
of o the general integral contains an arbitrary constant. It is evident that these 
transforms, doubly-infinite in number, are imaginary.* 

We pass now to the consideration of the case where the surface S is any 


* cf, Bianchi, Lezioni, II, p. 454. 
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surface of Bonnet, and discuss the case when a, is any solution of equations (18). 
Equations (15) reduce to | 
iVE sino sinh o— iu cosh a, (22) 
sino =A cosh o — zu sinha, 
from which we get 
4 =isino (—V E sinha + /G cosh ao), (23) 
w= sino (—VE£ cosho + VG sinh ow), 


If these values for 2 and uw be substituted in (13), it is found that the projections 
of a displacement of M, are 


—isinhoav du + G, dy, 
— (cosha V7 du + sinha G, dv), (24) 
— sin o (cosha du + sinh a G, dv), 


where we have put 


OVE Cw sinha, + cose cosh a, 
OV G Ow tA cosha, + u coso sinha, 
( dv sino | 


From (24) we find that the linear element of the transform is 
ds? = E, du? + G, dv’. 


The tangent plane to this surface at a point Jf, is evidently parallel to the 
tangent plane to the surface >,, which is the spherical transform, by means of 
the same o and w, of the surface > associated with the original S; corresponding 
points on S, and SS, being the transforms of the points on > and S with the same 
spherical representation. Hence the spherical representation of S, is given by 
(21), from which it follows that the parametric lines on Sj are its lines of curva- 
ture and consequently S, is a surface of Bonnet. Therefore, each solution of 
equations (18) gives a transformation of the surfaces of Bonnet with the spherical 
representation (2) into a group with the representation (21). 

From (23) it is seen that for a given o the points M,, on all the transforms 
of a surface of Bonnet, corresponding to a point M on the latter lie on an 
imaginary circle whose axis is the normal to S at J. 
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§3. Theorem of Permutability. 


It is now our purpose to show that there exists for surfaces of Bonnet a 
theorem of permutability similar to the one which we established for A-surfaces.* 
Thus, it will be shown that if a given surface S be transformed by means of 
(a,, 0) and (a, 02) into the surfaces S, and S, respectively, there can be found 
without quadratures a function a; such that S, and S, are transformed into the 
same surface S; by means of (a3, o,) and (a3, 0) respectively. 

Denote by A,, u, the lengths determining the point MU, on S, corresponding 
to M on S, and by 4,3, m3 the similar functions giving the transformation 
from M, to M,. From (28) it is seen that these functions are of the form 


A, = isinoe, (—V Esinho + VG cosha), 

= sino, (— VE coshoa + VG sinha), (27) 
Aig = 7 sin o, (— sinha, +  G, cosh a), 

413 = sin o, (— VF, cosha, + V G; sinh 


Denote by 6; the angle formed with the tangent to the line v = const. 
through &, by the line of intersection of the tangent planes to S, and 8;. The 
projections, on the trihedron formed by the normal to S, and the tangents to the 
lines of curvature at Mf, of the line I, UM are 

8IN CO8 6; — Coso, SiN 6; + COS Cos 65. 

It is evident that this trihedron is parallel to the similar trihedron for the trans- 
form >, of the spherical surface >. Hence it follows from (13’) and (14) that 
the direction-cosines of the angles which the axes of the above trihedron make 
with the lines MP, MQ, MN for S are . 


— 1 sinha, — cos 6, cosh a, — sino, cosh a, 
cosh a, — 708 0; sinha, — 7 sin o, sinh a, 
0, — sin 0), COS 0}. 


Hence, if 6, be replaced by 5 + tw;, the coordinates of M/, with respect to the 


axes MP, MQ, MN are 

Ay + cosh (a3 — @) — sinh (a; — a), 
COS 0, + [7 A,3 sinh (a; —@) + COS dy cosh (a; — @)] — sino, sin 
8in o, + sino, [2 sinh (a; —@) + 4,3 Cos cosh (a; — @)] + Cos sin dp. 


* A, p. 154. 


| 
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From these it is readily found that the coordinates 23, y;, 2; of M, with 
respect to the axes at / formed by the tangents to the lines of curvature and 
the normal are 


= A, sinh a, cos cosh sinh a;+ cosh @,) 
cosh — — (42,3 cosa, cosh + Cos o, sinh @,) sinh (@;— @) 
+ sin o, sin o, cosh w,, 

Y3 = A, cosh a, — tu; cos o, sinh a, + (2,3 cosh a, — ¢ COS Cos sinh 


cosh — @) + (A;3 cos sinh w, — 4,3 Cos 6, cosh @,) sinh (a; — a) 
+ sin o, sin 6, sinh w,, 

= 8iN o, + sino, [7 sinh (@; — @) + “4,3 Cos cosh (a; — a)] 
+ {413 COS 0; SIN Oy. 


According to the statement of our problem, it must be shown that 8, is 
transformed by means of the same a; and o,, instead of o,, into the surface S; 
defined by (28). For the moment we denote the new transform by Sj and its 
coordinates by x3, y3, 23. It is clear that the expressions for the latter are given 
by (28), if the subscripts 1 and 2 are interchanged and the subscript 13 is 
replaced by 23. 


In order that the two surfaces coincide we must have 


— 7 sinh (#3 — 73) + cosh a, (y3 — 43) = 0, 
— 7 sinh @, (23 — x3) + cosh a, (y; — ¥3) = 9, 


iy 


By substitution the latter become 


[Az3 cosh (a, — a) — 423 COS COS sinh — — cosh (a; — a) 
+ C080, COS 0, cosh (a, —@,) —t Ay; cos sinh —a,)| 
sinh (a; — = — cosh (@, — + Cos o, sinh (@, — a,) 
— 0, sin o, sinh (@, — 

cosh (a@,—a,) + 4,3 COS 0, COS, sinh (@, — @,) — cosh (a3 — a) 
+ COS 0, — 4,3 COS, cosh (a@,— a) +7, cosa, sinh (a,— a) ] 
sinh (@3 —@) = A, — A, cosh (a, — — wy, Cos o, sinh (@, — ay) 
+ 7% 4,3 sin o, sin o, sinh (a, — a), 

3 81N 0; COS — SIN 6, COS cosh (a; —@) + SiN — SiN dy) 
sinh (a; — @) = sin (us — COS — SiN — COS J 


(29) 
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We consider first the case where S is a spherical surface; now 
and the above equations reduce to 
[sin o, cosh (a, —@,)— sin o,] cosh (a; —@) + sin o, cos sinh (@,—@,) sinh (a; — a) 
= sin o, — sin o, cosh (@,—@,), | 
[sin cosh (a,—@,)— sin o,] cosh (a,—@) — sin o, cosa, sinh (@,—«,) sinh 
= sin 6, — sin o, cosh (a, — a). 
Solving these equations for cosh (w; — @) and sinh (a; — w), we get 
sin 6, sin o, + (cos o, cos a,— 1) cosh(@,—a,) 
sin 0, sin 6, cosh (a, — @,) + coso, cosa, — 1 ’ 


| (cos 02 — C08 sinh (@, — @;) 
“sin 0; sin cosh (w,— @,) + coso,—1 


cosh — = 
(30) 


sinh (a3 — @) = 


Since these expressions satisfy the general relation cosh*a — sinh*a = 1, they 
may be replaced by 


(0, +6 
tanh = ( 2 ) tanh (* (31) 


It remains for us to show that the function a, thus given satisfies the con- 
ditions of the problem. The functions w, and a, must satisfy equations (18) in 
which o has the respective values o, and o,. In like manner @; must satisfy 


SIN 0» ta — sinh a, cosh a; + cos o, cosh a, sinh a,, 
sin 6, = cosh a, alia @3; — COS 6, sinh w, cosh a; ; 
J 
and 
h h h h 
sin 6; — sinh @, cosh a; + cos o, cosh «, sinh as, 
33) 
= 
sin 0; Gs = = cosh a, sinh a; — cos 0, sinh w, cosh a;. 
J 


It is readily found that, when @, and w, are any solutions whatever of 
equations (18), the function a; given (31) satisfies and 


* cf. Bianchi, Lezioni, II, p. 458. 
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Furthermore, if the values of sinh (o;—@) and cosh (a,—«@), given by (30), 
are substituted in (29) together with the expressions (27) for a and uy, it is found 
that these conditions are satisfied. Hence we have this theorem: 

When two particular transformations of a surface of Bonnet are known, 
a transformation of the resulting surfaces can be effected by algebraic processes 
and in each case tt gives the same surface. 

Consequently, as in the case of A-surfaces, when one knows the general 
transformation of a surface of Bonnet, its transforms can be transformed by 
algebraic processes. 

§4. Real Transformations. 


From the preceding discussion it is clear that all the transforms of S, such 
as S§, and §,, are imaginary; and, in general, the transforms of the latter are 
imaginary. We seek now surfaces of the latter class which are real. 

Denoting by o,, o, the conjugate-imaginaries of a,, o,, we put 

= — = — 0}. (34) 
It is found that w, is a solution of equations (18) with o given by (34), provided 
that w, is a solution of these equations with o, in place of o. 
If we put for brevity 


a=—*VEsinho + V G cosh a, b=—WVE cosho+ V G sinha, 


c= — sing, sino, NAC d=sino, sino, VES), 
the expressions (27) may be written thus 
A, =1 sin 0,4, = sino, b, 
= sinh w, + 7d cosh + 7 sin o, a, (36) 


43 = ¢ cosh a, + 7d sinh a, + cos 0, sin o, b. 


Since sino, and sino, are conjugate-imaginaries and the other functions in (35) 
pertain to S, the functions a, 5, c, d are real. 

When the above values are substituted in the expression (28) for 73, and we 
make use of (30), we get 


= {— a (cos o, + cos (sin o, coso, sinh w, + sin cos d, sinh 
+ cos, cos (cos a, + cos (sin cosh + sin cosh «,) 
+ c [(cos o, + cos o,)’ cosh a, cosh a, — sin o, sin o, r (37) 
— (coso, cos + 1) cosh (a, + 
+ id[(coso,+coso,) (cose, sinh a, cosh a,—coso, sinha, cosha,)] }, 
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where D denotes the denominator in (30). Since the above expression for a; is 
real and similar results follow for y; and 2, it is evident that §, is a real surface. 
For the values (34) equation (31) becomes 


nan = a ow coth (at (38) 


from which it is seen that a, is real. 
Returning to the general case, we remark that when o,=0,, we get from (31) 


@; = (2m + Ijin. (39) 


Moreover, if this value of a; be substituted in (32) and (33), they reduce to (18). 
Now the linear element of the spherical representation of S,;, namely 


ds3” = cosh? a; du? + sinh’ a; dv” 


reduces to (2). Hence S; belongs to the same group as 8; it is the envelope of 
the plane containing the points M,, M,, &c., which are the transforms of UM by 
means of the general solution a, of equations (18) in which o=0o,. We will 
consider, in particular, the case where 4; is real. 

Referring to (38), we see that if a;, given by (39), be a solution for any 
function @,, 0, + 0, is an odd multiple of ~. Without loss of generality 


we may take 


+o,=7%. 
Now o, and o, are of the form 
hence 
sin 6, = sino, = cosh Tt, cos 6; = cos o, = — 2 sinhT. (40) 


For these values the expressions (28) for the projections upon the original 
trihedron of the length //, reduce to 


C, d, b sin’ o, (41) 


in consequence of (36). 

With respect to axes fixed in space the direction-cosines of the tangents to 
the lines of curvature of ©, and consequently of S, will be denoted by X,, Y,, 7; 
X,, Y2, Z,. Hence if we denote by (a, y, z) and (a’, y’, 2’) the coordinates, 


‘ 
| 
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with respect to these axes, of corresponding points on S and S;, we have from 
(35), (40) and (41), 


and similar expressions for y' and 2’. It is readily shown that these define a 
parallel to S, when the latter is a spherical surface or one of its parallels, and 
only in this case. 


§5. Bécklund Transformations of Applicable Surfaces of Bonnet. 


We pass now to the consideration of the transformations of the surfaces of 
Bonnet whose spherical representation is given by (1). The associated spherical 
surface, >’, is the Hazzidakis transform of , and its linear element is given by (2). 

For this case the equations analogous to (16) are 


og! Ow bd e 
sin o! = sino’ sin cosh a — 2! coso! sinh cos 6, 
U 
sin o! = — sino’ cos sinh w — W coso’ cosh w sin 6’. 


The conditions of integrability of these equations reduce to 


=7 sino! 


and 
! 
+ + sin # cos = 
If we put 
ia, 
this becomes 
, 
14 + sinh cosh = 0, 
and the above equations are reducible to 
sin o! +i = 7 sinh w cosh — 7 cos o! cosh sinh a, 
sin o! Gs = — 2 cosh sinh w + 2 coso’ sinh w; cosh a. 
When these equations are compared with (18), it is seen that if o’ be given by 
sino’ = 7 tan a, cos o/ = seco, (44) 


5 
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the function a, is a solution of equations (43). The linear element of the trans- 
form of =; by means of a, and o! is 


= cosh’ a, dv? + sinh’, 
and the linear element of its spherical representation is 
ds * = sinh’ a, du? + cosh’ dv’. (45) 


From these expressions it is seen that the new surface >; is the Hazzidakis trans- 
form of 

We have seen that the surfaces of Bonnet associated with > and those 
associated with its Hazzidakis transform can be arranged in pairs of applicable 
surfaces.' We shall consider the effect of the preceding transformations on such 
a pair, S and S’. 

Let the linear element of S’ be (4) and of its spherical representation (1). 
From (15) and (4%) it is seen that, if we denote by A’ and w’ the functions for S’ 
analogous to 4 and u for S, they are given by 


a’ = tano (—V E cosha + VG sinh w), 
ul =i (VW £ sinh a — cosh a); (46) 


in these expressions, as first found, sino’ has been replaced byitano. It is 
readily found that the linear element of the transform Sj is 


= Ej du? + Gi dv’, 


where 
OVE JG __ cosh a, sinh 
du tan o sin (47) 
G = sinh @ . ,cosha 
tano( dv VE tan o Sing ’ 
and the spherical representation is given by (45). 
A comparison of (23) and (46) shows that 
= seco .u, = — seco 


If these values be substituted in (47) and the result be compared with (25), 
it is found that 


= seco V £,, Gi = G,. (48) 


* cf. Bianchi, Lezioni, II, p. 469. 
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From this it is seen that a homothetic transformation applied to S/ will give 
a surface of Bonnet applicable to 8,. Hence, if S and §! are two applicable 
surfaces of Bonnet, and , is the Backlund transform of S by means of a, and g, 
the Backlund transform of S’ by means of a, and o’, the latter given by (44), is 
homothetic to the surface applicable to S, with preservation of lines of curvature. 
All of these surfaces are imaginary, but we shall find real ones in consequence 


of the theorem of permutability. 
As before, we denote by S; the real surface, which is the transform of 5S, 


by means of a, and o,, these functions being given by (38) and (34); and we 
write the linear element of S; in the form 


ds; = du” + G; dv’. 


The preceding results show us that S; can be transformed into a surface Sj by 
means of a; and o,, where o; is defined by 


sin 6, = tan op, COS = S€C On, (49) 


and Sj has the same spherical representation as S;. If the linear element of S} 


be written thus 
= dw? + Gj dv’, 


the functions V G;; Gj will have forms similar to (25) and (47). 
Since they are linear and homogeneous in /G,; / Gi, it follows 
from (48) that 
/ Ei = seco seco, =seco seco, (50) 
From (34) it follows that in order that S; be real we must have 
(51) 
In consequence of (34) equations (49) may be written 


sin o, = — 7 tana, cos 0, = — seca 


and from (44) it follows that 


sin o/ = — 7 tana, cos o/ = sec a. 


Comparing these two sets of equations, we see that condition (51) is satisfied. 
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In consequence of (34) equations (50) become 
Ei = — seca seco Gi = — seco seca Gs. 
If we put 
o=at+i£, 


we find that 
seco seco = 1, 


if 

sin’a = sinh’ @, (52) 
and only in this case. Hence, given two applicable surfaces of Bonnet; by two 
imaginary transformations of Backlund we can obtain a second pair of applicable 
surfaces of Bonnet. Since a or is arbitrary and there is an arbitrary constant 
in the solution a, of equations (18), there is a double infinity of these trans- 
formations. | 

§6. General Determination of Surfaces of Bonnet. 


In the tangent plane to a surface of Bonnet, S, at a point M/ we draw a line 
through the point of contact and indicate by @ the angle which it makes with the 
tangent to the line of curvature v = const. Ata point P of this line we draw 
in the tangent plane the segment P@ of the line perpendicular to PM. In the 
plane through PQ and normal to PM we draw a segment QF making an angle o 
with QP. For convenience we indicate by p, p, r the respective lengths MP, 
PQ, QR. If 6 is defined by (17) and (18) the projections, on the trihedron 
formed by the tangents to the lines of curvature and the normal to S, of the 
segment MR are 
—[tp sinho,+(p+r7 cosa) cosha,], [pcosha,—t(p+7 cose) sinha,], rsinc. (538) 

From these it follows that the projections of a displacement of F are 
of the form* 


—d [ip sinh a, + (p + 7 cosa) cosha,] + WL du +r sino cosho du 
+[p cosh a, —7(p + 7 cosa) sinha,] du — dn) 

d [p cosh a, — i (p + 7 cosa) sinh + Gdv + r sing sinh ody 
+ [tp sinha, + (p + 7 cosa) cosh du — = dv ) 


sin o dr + cosh o [7 p sinh a, + (p + 7 cos oc) cosh w,] du 
— sinh [ p cosh a, — (pe + cosc) sinh a,] dv. 


(54) 


* Darboux, Lecons, vol. II, p. 385. 


® 
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From these it is found that the necessary and sufficient condition that the 
locus of & be a surface of Bonnet with the same spherical representation of its 
lines of curvature as S is that p, p and r satisfy the following equations 


sin o cosh sino sinh a, —[p sinh a,—i(p 
+ r cosa) cosh w,] sinh cosh a, = 0, 
ising sinha, + sino cosha, cosh w,—i(p 
+ rcosc) sinha, |cosh sinh a, = 0, (55) 


Or 


sin [i p sinh w, + (p + 7 cos) cosh cosh w = 0, 


Or 


sin Ap [ p cosh a, — + 7 cosa) sinh a,] sinh = 0. 


J 


From (54) one finds that the coefficients of the linear element of the new surface 
are given by 


= 4 cosho, 2) + 02086 +7) coh 


sin o 
4 ip sinh @ cosh? a, + (p + 7 cosa) sinh a, cosh a, sinh @ 
= VG + (cosh a, — sinha, + +7) sinha 
"Ov Ov sin o 


+P sinh’ @, cosh — (p + coso) sinh a cosh a, cosh 
sin o 


As defined, S’ is imaginary, but we shall be able to effect a similar trans- 
formation on S’ and get a real surface §”. 

We have seen that, if w, and o be replaced by in — a, and m— <a, equations 
(18) are satisfied. Moreover, it can be shown that, if equations (55) are 
satisfied by 


@, P, 7; (57) 
these equations are satisfied also by 


where the bar indicates the conjugate imaginary function. 
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The successive application of these transformations upon S gives a surface 8", 
whose coordinates are of the form 
a” =a — [i (p sinh a, — p sinh w,) + (p cosh , + cosh @,) 
+ (r coso cosh a, + 7 cos cosh X, 
+ [(p cosh a, + p cosh a,) — (p sinh a, — sinh (59) 
—i(r coso sinh a, —r cos sinh a,) |X; 
+ (r sino +7 sinc) X. 
Hence the surface S” is real. 

Among all the surfaces of Bonnet with a given spherical representation 
the origin itself may be counted. In this case we associate with it the trihedron, 
with vertex at the origin, rotating in such a way that its axes are parallel to the 
corresponding axes of the trihedron associated with a surface of Bonnet having 
the given spherical representation. Hence, if we put 2, y, z, equal to zero in 
(59), these equations define all the real surfaces with a given spherical represen- 
tation, when p, p, 7, 0, o are given all the sets of values which satisfy (18) and 
(55); now # and G@ in (56) are zero also. 


Since 


where the bar indicates the conjugate function, for the surface defined by (59) 
(with y=2z= 0) we have 
VE" (60) 


We consider several particular cases. 


§7. Particular Surfaces of Bonnet. 


Let o = - from (34) it follows that o, =F also. Now equations (55) 
reduce to 
cosh a, op —i sinha, op — (p sinh w, — tp cosh w,) sinh w cosh w, = 0, 
sinh w, + cosh w, + (p cosh sinh w,) coshw sinha, =0, | 
(61) 
4 + (tp sinh w, + p cosh w,) cosh w = 0, 
or 


— (p cosh w, p sinh w,) sinh w = 0; 


Ov 


‘ 
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and by means of these equations the expressions (56) are reducible to 


1 
k= — a, + ip sinhw +7 cosh a, 
VG= — pcoshw + ir sinho; 


the accents have been removed. 
Since equations (18) become 


a coshw,, 1% + cosh sinh w,, 


du 
three functions a, 3, y may be defined in the following way: 


da = sinh wo sinh @, du + 7 cosh w cosh a, dv, 
d 8 = — ie [sinh » cosh w, du + ¢ sinh a, cosh w dv], 
dy = — te* [cosh w sinh w, du cosh sinh w dv). 


If we put 


where c is a constant, the most general solution of equations (61) is 
p=e'(Bc+h), r=y(eB+h)—er, 
where h is an arbitrary constant and f is given by 


Or 


= (— sinh w + cosh w) cosh 
Or 
= (e~*y cosh» + 7 sinh w) sinh 


39 


(62) 


(63) 


(64) 


(65) 


(66) 


(67) 


J 


We have neglected an additive constant for 7, since it only tends to replace the 


surface now defined by surfaces parallel to it. 


When ¢ and A in (66) are real, all the surfaces of Bonnet defined by (59), 
with « = 0 and p, q, 7 given by (65) and (66), are evidently homothetic to the 
surfaces which are the loci of the points dividing in constant ratios the joins of 


corresponding points on the two surfaces for which 


ex 0, A=1; 


*cf. Surfaces Analogous to Surfaces of Bianchi, 1. c. p. 121. 


= | 
4 
4 
q 
af 
= 
| 
8; | 
| 
ut 


40 KEISENHART: Surfaces with the same Spherical Representation 


When 9 is not constant, the first two of equations (55) may be written 


(68) 
If p be eliminated from these equations by differentiating with respect tov and u 
respectively, it is found that p must satisfy the equation 

dp a dp 

av log cosh a, log sinh ay 
But this equation is satisfied by the function expressing the distance from the 
origin to the plane tangent to any surface of Bonnet whose spherical represen- 
tation is given by (21). Hence if we know a solution w, of equations (63) and 
also a surface with the representation (21), we can find by quadratures a surface 


with the representation (2). 
It is easy to furnish an illustration of this remark. Corresponding to 


equations (63) for the representation (2), we have for the representation (21) 


Ow Ow ° Ow Ow 
+i = —sinhw, cosha;, + = cosh w, sinh 


Ou 
A particular solution of these equations is 
=a 
Referring to (64), (65) and (66), we see that a surface with the representation 
(21) is defined by 
=e~* (t sinh X; — cosh w — BX’, (69) 


and similar equations for y,, z,; X;, X34, X’ being the direction-cosines of the 
tangents to the parametric curves on the representation (21) and of the radius to 
the point on the latter with respect to the fixed x-axis. Now the distance of the 
tangent plane from the origin is — @. If this be substituted in (68), we have 
for the functions p and p determining a surface with the representation (2), 


p=—B, 


where & is an arbitrary constant, and r is given by quadratures from (55). This 
case follows from (66) by taking h=1, c= 0 to determine (69); it is evident 
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that other solutions can be found by quadratures, when these constants are 


given other values. 
In a similar manner we can find a large number of surfaces of Bonnet by 
methods analogous to those which we have used in getting the surfaces analogous 


to surfaces of Bianchi.* 


§ 8. Determination of the Surface of Bonnet Applicable to a Given Surface of Bonnet. 


We have seen in §5 that if o’ is defined by (44) the function a, gives a 
Backlund transformation of a surface with the spherical representation (1). 
We will now use this fact to obtain a general method of determining surfaces 
with this representation similar to that established in §6. Instead of starting 
with a surface having this representation we take the origin and associate with 
it a trihedron whose axes are parallel to the axes of the trihedron associated 
with the sperical surface having this representation. 

If we denote by p’, p’, 7’ the functions analogous to p, g, r, as defined in § 6, 
the coordinates with respect to the fundamental trihedron of a point on a surface 
of the group can be written, in consequence of (44), 

—[p!' cosh o, + 7 seco) sinha,], — [¢p' sinha, + (p' + 7’ seco) cosh ay], 
‘tr tano. 


Expressions for the projections upon the axes of a displacement upon the 
surface are similar in form to (54); from these it is found that the necessary and 
sufficient condition that the surface be a surface of Bonnet, with the given 
spherical representation of its lines of curvature, is that p’, gq’, 7’ satisfy the 


conditions 
/ 
(i sinh «, op + cosh w, oe.) tano + 7 sinh w, cosh w 


cosh w, — (po! + 7’ seca) sinh w,] = 0 
™ p 


(i cosh w, = + sinh w, -) tan o — cosh w, sinh w 
[p! sinh o, — + seca) cosh = 0, 


tan o = = + [¢p’ cosh w, + (p! +7” seca) sinh a] sinh a, 


tan o = sinh w, — (p! + 7’ seca) cosh «,] cosh o. 


pp. 125-1534. 
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The coefficients of the linear element of the surface are given by 


E, = — cosh w + isinho i seco + 7’) sinhw cote 
— sinh coshw cote [p’ sinh a, — +7" seco) ¢ cosh wy], (71) 


val dp! de 
V7 G, = — isinho, cosh oy, —? (p' seco + 7’) cosh w cot 


+ cosh«, sinh w cota [p! cosh o, — + 7’ seca) sinha]. | 


Suppose now that we have given a surface, S, of Bonnet with the represen- 
tation (2) and a solution w, of equations (18). For S the functions p, p, 7 are 
known. From the equations 


VE,=VE, 


when substitution has been made from (56)* and (71), and the first two of 

equations (70) we ge in terms of known quantities. The 
conditions of integrability of these expressions and the last two of (70) are 
reducible to three linear equations in p/, 9’, 7’. Thus we find by algebraic 
processes p’, g', 7’, determining the unique surface S, applicable to a given 
surface S with correspondence of lines of curvature; it has been shown that 
there always is a surface S, of the kind sought. 

If o is such that condition (52) is satisfied, we can get at once another 
pair of applicable real surfaces of Bonnet as shown in § 5. 


PRINCETON, January, 1906. 


*Here J HL is/ ZF’ of (56) and £ of the latter is zero. 
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On the Factoring of Composite Hypercomplex Number 
Systems.* 


By Heman Burr LEONARD. 


INTRODUCTION. 


From the two number systems H=e,....¢, and F=/f,..../,, having the 
multiplication tables ¢,,= % (@ = 1,..--.,n) and Z f= DY 
tg js 


(y= 1, ..--, 7), can be formed by multiplication + a number system of nr units 
= =F, %, having the multiplication table = (6,¢,) (4,4) 
=P Yate 9j,i,i, €i,;,. In regard to the converse problem Professor Scheffers 


suggested [ in 1891 that there was lacking a serviceable criterion for deciding 
whether a given system is a compound of systems and also that general theorems 
concerning the divisors of zero and the characteristic equation were desirable 
The consideration of these questions has led to the results which are now given 
in what is to be regarded as a first communication. 


Let A= = a,e,and A = Saf be numbers of the systems /# and F respect- 
i j 


ively. Then the number (= > 44, €,; will be called the compound of the num- 
ij 


bers Aand A. It is shown in §2 that if w, ...-, u, are the roots of the character- 


istic equation of A, and v,,...-, v, are the roots of the characteristic equation of A, 
then the roots of the characteristic equation of C are u,v; (t= 1, ----,n; J=1, 


In §3 is given a method for determining the factor systems of a composite 
system through the use of the characteristic equation of the composite system. 


* This paper was read at the meeting of the American Mathematical Society, held at Yale University, 
September, 1906. An abstract appears in the Bulletin, vol. 15, number 2 (November, 1906), p. 68. 


+Scheffers, Mathematische Annalen, vol. 39 (1891), p. 324. 
¢ Annalen, vol. 39 (1891), p. 325. «+Es fehlt ein brauchbares Criterium dafiir, dass ein vorgelegtes System 


als Product aufgefasst werden kann, und an allgemeinen Sitzen iiber die Theiler der Null und die charakteris- 


tische Gleichung eines solchen Systems.”’ 
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The method is made clear by its application. to the factoring of two composite 
systems. 

A second method, which uses the matrix representation, is given in §4. Because 
of the difficulty of solving algebraic equations of higher degree than the fourth, 
this method appears to be the more serviceable one for decomposing composite 
algebras of the higher orders. 

In §5 divisors of zero are considered. 


§1.—THE Group oF THE CompounD System. 
According to Poincaré * and Study + the groups of the algebras # and F are 


respectively 
(1) 
where the 2’s are variables, the y’s parameters. If XY = > ii, Ci, Sins 
an 
Y= D ¢,, f;,, are numbers of the compound algebra 


EF=ef,(i=1,..-..,n;f=1,..--,7), such that Z= XY, then the group of 
the compound algebra is 


high je 


According to Rados{ and Burnside,§ the compound G,G, of the groups Gz, 


G, is obtained as follows: In the function /= >, c',,;, #;,a',, substitute the values 


of xj, and 2, and equate the resulting form to > % ; %,%,. By comparing coeffi- 
indi 
cients there results 
— / 
> Yi: ig ts Jods Yin Yi. 
ty 
Therefore the compound of the groups G,, G, may be written 
° / 
Ci, > Yi; ty dg Pj, Giz jn Ci, jg (3) 


* Poincaré, Comptes Rendus, vol. 99 (1884), pp. 740-742. 

+Study, Monatshefte fiir Math. und Physik, vol. 1 (1890), pp. 283-355. 

t¢ Rados, Annalen, vol. 48 (1897), pp. 417-424. 

§ Burnside, Quarterly Journal of Mathematics, vol. 33 (1902), pp. 80-84. 

|| According to a suggestion derived from a paper by Franklin, this may be called the induced group of 
G,and G,. American Journal of Mathematics, vol. 16 (1894), p. 205. 


> 
4 
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It can be easily seen that the transverse* or converse or conjugate of the group 


G, G,, designated by is a subgroup of 


§2.—TueE Roots oF THE CHARACTERISTIC EQUATION OF THE ComProuND System. 


The characteristic equation of H is obtained by writing in the equations of 
the group G, xj,=wy,,,} transposing, and since at least one y; does not vanish, 
equating the determinant of the coefficients to zero : 


> %, Yiu — Yin 21 % 

1 1 1 1 1 0. (4) 


> In = Xi, Yi; 2n Xj, Yi; nn lu 
i 


From another point of view the scalar « must satisfy the equation (4) in order 
that for the general number « of H# there should exist a number y such that 


xy = 
Similarly, if one writes »y, for x/ in the equations of the group (, and 
transposes, the determinant of the coefficients of the y’s 


Z Pj, Jods WO jy § 
= 0, (5) 


expresses the fact that there exists a y + 0, such that zy = vy. 
The characteristic equation of the compound system HF'|| obtained in the 


same manner from the group Gv is: 

* In the American Journal of Mathematics, vol. 12 (1890), p. 340, Taber attributes the term transverse to 
Cayley, the term converse to Charles Peirce, and the term conjugate to Hamilton. 

t Scheffers, Annalen, vol. 39 (1891), p. 303. 

{If we let a = pe, , an equation similar to (4) is obtained, which expresses the fact that a number y 
exists such that ye =yy. In the present investigation, we follow Cartan (Annales de la Faculté des Sciences 
de Toulouse, vol. 12 (1898), p. B17) in restricting our attention to the equation (4). 

§ Here and hereafter in this paper 4, — Js according to the Kronecker usage. 
(0, for j, 
|| At first glance one might surmise that the characteristic equation of the compound system #/’ should be 


— is | = “jy Vi ds 


which is in fact the characteristic equation of the reducible system having # and F’ for its constituents, 
Annalen, vol. 39 (1891), p. 320. 


4 
| 
+ 
# 
ah 
ji 
aq 
ag] 


ly 


ely 


wh ly 


e 
i 


LEONARD: On the Factoring of Composite Hypercomplex Number Systems. 47 


The characteristic equation of the special number A =a, e; of E is obtained 
from (4) by writing a, =-,. Similarly the characteristic equation of A=4,/, 
is obtained from (5) by writing 4, = x,. Since the characteristic equation of a 
matrix is the same as that of its conjugate, the characteristic equation of the 
compound C of these numbers (Introduction) is obtained by writing a,, a, = 2;,, 
in (6). We proceed to show that if the roots of 


i = 0 (4’) 
are +--+, and those of 
dy, Pj. is 
2 Jad (5') 
Jay Js = 1, 
are 1,,----,¥v,, then the mr roots of the characteristic equation of the compound 
number C 
ist 
If u,, ----,@, are the roots of the equation (4’), there are linear functions 
L,, .--+, £,, which are transformed by any particular substitution S, of the 
group G, into w,L,,...-,u,L,. Likewise if »,,....,, are the roots of (5/), 
there exist 7 linear functions L,, ....,£,, which are transformed by any partic 


ular substitution S, of the group G, into v,L,, ..--,v,L,. Evidently the func- 
tions L; are transformed by the successive operation S,,, S, into u,v; L,L; 
The same result is obtained by transforming L,L, by S,S,. But S,S, (L,L,)) 
=¢,L,L,.* Therefore ¢,,= u,v; and the theorem is proved. 


§3.—FactTorING or Composite SysTeMS By CHARACTERISTIC Equation MetuHop. 


[. The multiplication tables of the systems # and F being given, the mul- 
tiplication table of the compound system HF is determined by the consideration 
that its nr units are e,f;. Ifthe characteristic equations of a number A of # and 


* Franklin, American Journal of Mathematics, vol. 16 (1894), p. 205. 
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a number A of Fare given, the characteristic equation of the compound number 


Let 


C can be determined. 


— + — + (— 1)" p, = 0 


and 


+ (—1)'¢, =0 (5"’) 


be the characteristic equations of A and A and let 


8; + 8» (—1)"’s,, =0 (6”) 


be the characteristic equation of the compound number C. The coefficients s 
can be determined in terms of p and q. Since the roots of (6") are u;,7,;, the 
coefficients s of (6) are calculated in terms of p and g by means of the symmetric 
functions of the roots of (4) and (5”). The converse problem is considered from 
two points of view. In §4 from a given compound system are derived the factor 
systems. In this section (§3) from the characteristic equation of a general 
number C of the compound system are calculated the characteristic equations of 
corresponding general numbers A and A of the factor systems. 


That the problems of §4 and §3 are not strictly identical can best be made 
clear by an illustration. The characteristic equation of a general number of 
the system 

h hy hy 


h,| h, he hye ty 
h, O A, 
& 
h;| fh; he 0 0 
0 0 
0 0 


h,| kh, fh, 
hs 


a 


is (x,—{)*=0. By the methods explained later in this section, the char- 


acteristic equations of general numbers of the factor systems are calculated 
2 

to be pyu + = r+ giv? + stegi=0. The first 
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one is evidently the characteristic equation of a general number of the Cayley 


4 
two-unit system.* On the other hand the system belonging to (» —4)= 0 is 


not uniquely determined, since all of the following systems have the same 


equation :+ 


IV,. IV;. 
és | 0 €3 | €; —& 0 
| 0 0 0 | & 0 0 0 

I V, I V; 
| 0 0 | 0 0 
| 0 0 | 0 0 0 
| & 0 0 0 | & 0 0 0 

IV,. IV, 
€3 é 2 €3 C4 
€ | e 0 4 0 € | es 0 0 0 
€é; | €; —& 0 0 €3 | 0 0 0 
e | & 0 0 0 & | & 0 0 0 


However by the method of §4 the factor systems are found to be 


Ali h kh Sf 
Ss he 0 0 0 
0 0. 


+Scheffers, Annalen, vol. 39 (1891), p. 352. The characteristic equations there given are in the reduced 


form. 


7 


i 
| 
| 
| 0 
| 


50 Leonarp: On the Factoring of Composite Hypercomplex Number Systems. 


Nevertheless in some respects the method of this section is more powerful 
than that of §4. Thus the system 


h, h, hs h, 
hy hy hs h, 
he h, 0 h, hs h, hs 
hz | hy —h, —h,—h, 
h, h, h, — h; h, h, h, 2h. 


can not be resolved by the method of §4; but the characteristic equation of its 
general number is — 4a, + (?(6aj + 203 + 4x3 a, + 2aj) — (4a? + 4m, 23 
+ «{) =0 and by the method of this section the characteristic equations of gen- 


2 
eral numbers of its factor systems are found to be uw? — put - = 0 and 


2 
(xi-+ 23 + 2x30,) = 0. The factor systems* belong to the 


4x; 
types 
ej Al A 


II. We start with the simplest composite systems, namely those of order 
four, whose factors must be two two-unit systems. Assume as the characteristic 
equation of a general number of the compound system ¢*— s,(?+ 8,0? — 8,2 
+s,=0. For the characteristic equations of general numbers of the two factor 
systems may be assumed uv? p,u + and By forming 
the symmetric functions of the roots of these equations, the following relations 
are obtained : 


= AN 

82 = — | (7) 
63 = Pi 

= Pi 


* When these two systems are compounded and the following linear transformations are made on the 
units, h, = 93 + gay hy = = G2, =Js, the given form of the composite system results. 


if 

4 
i 


LEONARD: On the Factoring of Composite Hypercomplea Number Systems. 51 


An obvious condition on the s’s is sj s,= s3. The formation of the characteristic 
equation for a general number of the given system furnishes the values for the 
s’s. From the above relations p, can be determined in terms of p, and g, in 
terms of g,. Thus the nature of the roots of the characteristic equations of gen- 
eral numbers of the two factor systems is determined. 

For example, consider the system 


hy h, h; h, 
h, h, h, hs h, 
ho} he 0 h, 0 
hei hz h, —h —h, 
Ay | hy 0 —AhA, 0. 


The characteristic equation of a general number of the system is 


0; — 0 
0 , 0 


which, multiplied out, is 
— (Bait + 2003) + + (ai + ++ 5) = 
Substituting in the above relations (7) 


Nh = 44, 
— + Pegi = + 2x3 
Pi 40 (at + 25) 


Pe = wy = (aj + 275)’. 


Combining and solving, the following values for the coefficients are obtained: 


i 
i 
2 2 (2 2 
Po="4 40; 
— %) | 
qe 
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Substituting the first set of these values, the characteristic equations of 


general numbers of the factor systems become mw’ — p, u + Pa. = 0 and 
2 (mp2 2 
v—qyt — =0. The first has equal roots and indicates the Cayley 
1 


system. The second has complex roots and indicates the ordinary complex 
system. 

The substitution of the second set of these values gives the same equations 
in reverse order. 

III. The second lowest composite number is six and a compound system of 
six units must have for its factor systems a two-unit and a three-unit system. 
Assume as the characteristic equation of a general number of the composite 
system 


and for general numbers of the two factor systems u® — p, wu” + pou — p3 = 0 and 
v—qvy+q=—0. By forming the symmetric functions of the roots of these 


equations, the following relations are obtained : 


= 

= Pigs + Po Gi 

83 = Pi + — 3P3 
= PG + Pi G2 — 2Pi Ps 
= PePsnG 

= J 


(8) 


The formation of the characteristic equation for a general number of the given 
system furnishes the values for the s’s. From the above relations p, and p, can 
be determined in terms of p,, and q, in terms of g,. This enables one to decide 
the nature of the roots of the characteristic equations of general numbers of the 


two factor systems.* 


* The above six equations contain five unknowns 7,, Ps, Ps, J), Ja, the elimination of which gives certain 
syzygies among the s’s. When these relations are fulfilled, the number (whose characteristic equation is being 
considered) is acompound. The eliminations of the p’s and g’s are too lengthy to be taken up at present. 


if 

‘ 
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For example, consider the system 
h, ho hs h, hs he 


The characteristic equation of a general number of this system is 
6a, 0° + — 20292? + 15x} — + = 0. 
Substituting in the above relations (8) 
Ph = 
Pi — + = 152} 
+ PsGi — = 2027 
+ Pi Psi — Ps G2 = 152} 
P2 = 6a} 
= 
Combining and solving, from the first, second, fifth, and sixth of these relations 
the following values for the coefficients are obtained : 


4p}, 3p}, or 3p}. 
With the first of these values are associated 


tpi 
Ps = Pi 
bay 
n= 
Agi 
Pi 9 
With the second of these values are associated 
Ps = pi 
= t Gi 


hs | hs h, 0 0 0 0 | 

A,| ly 0 0 0 0 0 

h;| hs 0 OF 


54 LeonarD: On the Factoring of Composite Hypercomplex Number Systems. 


In calculating these values the third relation and the fourth relation were not 
used and we find that the third relation is not satisfied by the first set of values. 
The other set of values satisfies all six relations. The characteristic equations 
of general numbers of the factor systems are therefore 


3%, 
and 
tr, 
The first has equal roots and indicates the Cayley two-unit system. The second 
has three equal roots and indicates one of the two types of systems * 


ITI,. ITT,. 
€, | €3 0 €, | 0 0 
0 0 €3 | 0 0. 


Trial shows that the second system is the desired three-unit factor system. 


IV. The treatment of composite systems of higher orders has been made 
along similar lines, but it is not considered advisable to take space at this time 


to give the details. 


§4.—Factorine oF Composite Systems By Matrix MEtTHop. 


I. ‘The relative form’ of an associative algebra, developed by Charles S. 
Peirce,} is really a representation of the algebra in matrix form.[ Given the 
multiplication table of an algebra in the form 


= 1011 + + + + Vien Cn 


ee ee ee eee eee eee 


= Ynni Ynne + + + Yana Cny | 


* 8cheffers, Annalen, vol. 39 (1591), p. 353. 

+ Peirce, American Journal of Mathematics, vol. 4 (1882), p. 221. Proceedings of the American Academy 
of Arts and Sciences, May 11, 1875, whole series vol. 10, p. 392. Also Benjamin Peirce, same vol., p. 397. 

tShaw, Transactions of the American Mathematical Society, vol. 4 (1903), p. 252. 


: 
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the matrix representation (the ideal units 7: A, J: A, etc., excluded) is in double 


suffix notation * 


91 — Y111 911 + 9a + + ...- + YiinIJni 
+ 121912 + Joo + 123922 Ino 
+ Yini Jin + Yine Jan + Jon Yinn 
92 Jur Y212 + 2139 + Y2in 
+ Jin Yen2 Gon 1 Yona Jon + Yann Inn 


Taber proves that matrices of composite order can be factored.t From 
this a suggestion comes for factoring a composite algebra. Put the composite 
algebra into matrix form, factor the matrices, and translate the factors back 
into number systems. 

On account of the difficulty of describing this method in words, it is placed 
before the reader in the solution of four examples. These illustrations are 
sufficient to make evident the scheme, which is perfectly general. 


II. The first system to be considered is the one whose multiplication table is 


h, hy hs h, 


0 h, 0 
he | hs h, —h, 
A, i hy 0 —hA, 0. 


“Study, Encyklopaedie der Math. Wissen., vol. 1, p. 170. 
¢ Taber, American Journal of Mathematics, vol. 12 (1890), p. 391. 
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If this is a composite system, its factors must be two two-unit systems. Assume 


Sr 


for them 


and 


€2 


Symbolically the compound system is 


ah 


ah 


ef; 


Si 


Si} 
Su 


Siz 


Jo 


= Ju 


= Ja 
= 931 
Jor = Jus 


= 
= 
for = Jae 


Jor = 


= 913 
enSiz = 92s 
foo = 


€21 Jos = 943 


= 
= Jr 
Cre = 
Jon = 


Substituting in the above formulas (10), the following expressions result 


0 git 0 gat Ju 
1) 0 0 
0 gos + (1) 953+ 9 
0 gut gu + (1) Ju 

Jn, + 933 + G14» 


1)grt+ 9 gut 9 gu 
0 got 9 Get 9 Ix 
fiz + 0 G53 + (1) 
Ju + 943) 


fiz + 0 0 gx + (1) 

+ (—1) 913 + 0 9 
{- 0 +(—1) 94+ 9 gat 9 Gu 


0 0 gat 0 gu t+ (1) 
0 0 9 got 9 
0 0 gut 9 gut 9 Ju 


Ju 


A= ( Igut 
+ 

fis + 

Iu t+ 

gu + 


gu + ( 
fiz + 


C12 
C29 
= 0 
+ 0 
+ 0 
+ 0 
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Substituting the symbolic products from (11) and factoring each expression: 


N= + eu See + Soe = + exe) (Au + See) 
92 = Cn + Se én (Su +See) 
93 = Cuter + Sar — Cn Siz — = (C11 4+ (Sn — fiz) 
95 = ea — (fa — 


The units of one system are represented by e, + ¢, and e,. The units of 
the other system are represented by fA, + fy, and fy—f2. The law for the com- 
bination of such expressions is Jot = Multiplying out according to this 
law, we get for the first factor system 


+ €21 
| +0 + ex 
+ 0 0. 
In ordinary notation this system is 
Gl 0 


For the second factor system, we obtain 


Au + Se tu 
Ju + 9° 

|) 
Jn + 0 0 — fry 
Siz — Jy 0. 


In ordinary notation this system is 


Aj 


So the given system is the compound of the Cayley two-unit system and the 
ordinary complex system. 
8 
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h, 
h, 
hs 
h, 
hs 
he | he 


h, 
0 


0 


Let us take up next the system whose multiplication table is 


If this is a composite system, it may be either the product of a two-unit system 
by a three-unit system or the product of a three-unit system by a two-unit 


system.* 


Assume for them 


and 


Si 


As 


Si 
Su 


Sis 
Sia 


Symbolically the compound system has two possible forms 


as 
ahs 
ahs 


ah 


ass 


eof 


= 9u 
= Ja 
ents = Jai 
= 
= 


= Yor 


af 


ents =I 
en = 
Cn = 
Cn = Jaz 
= 
= Yor 


ents = 
= Gos 
= 
= 
Sos = 


= Jos 


ep = Gus 
= Jos 


= Jos. 


fir = Gas 
= You 


= Jos 


fy 


= His 
= Jos 
= Jos 
= 
Croton = Jos 
= Gos 


ents = 
C12 = Jon 
= 
Chis = Jao 
Cx = Jon 
Cor S33 = Jes 


enfir = 
= 
= 
= 
= 


en = Jai 


= 
= 
= Yoo 
Cx far = 
= 


C231 = Jox 


= 
ent = Jos 
en Sve = 
= 
en = 
Cn = 


Iu 
= Yo 
= 
Son = 
Cre = 
C2 S32 = Jos 


= 915 
Cnt = Jos 
= 
C1 Jos = Gas 
en S33 = 


3 = Jos 


= 
Cx is = Jos 
Cr = Jos 
Cx Jos = Js 


= Jos 


(18) 


= Jos: 


* The systems resulting from the two orders of combination are essentially the same. The uncertainty is 
one of subscripts in the identification with the symbolic products and may be encountered in factoring any 
composite system having factors of unequal orders. However the number of trials that may be found 


necessary is always finite. 


h, he hs h, hs h, 
h, hs h, h; h, 
0 h, 0 he 0 
h, 0 0 0 0 
. 0 0 0 0 0 
i 0 0 0 0 
0 | 0 0. 
€11 Ai Se 
|| | || | || 
and 
|| || || || 
ah 
ets 


LEonaRD: On the Factoring of Composite Hypercomplex Number Systems. 59 


The multiplication table of the given system determines the y’s. The sub- 
stitution of their values in (10) gives 


Ji = Ju + + + Yas + + 
= Jan + G13 + Gos 
93 = Ja + Ix 
= Ja 
Is = + Yoo 
Is = 
Upon substitution of the symbolic products (12) one obtains 


= ey fut euler + euSss + Cre + Se + 
= (€ + C2) (Ar + Se + 
= ey + Calis + Cn 


93 = + 

= enh 

95 = + = ea (Sar + 
Is = fy. 


The units g, and g; do not factor and therefore the second order of combination 
(13) must be tried: 


fi = Cuba t+ + Cube + + + 
= + x2) (Au + Se + Ss) 

92 = eat + = (fu + So + 

93 = + = (€11 + C22) 


= Joy = C2 (fxn) 
95 = eu fa + = (C1 + ee) 
Jo = Cn fm = ( 


This time factors appear and the units of one system are represented by e, + e 
and ¢,,. Multiplying out according to the law given above, we obtain for the 


first factor system 


exe C21 
e 0 0 
il + 
Fey 
+ 0 0. 
In ordinary notation this system is 


| 

{ 
| & 0. 
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The units of the second factor system are represented by fy, + fy + fs, fy, and 
Js. These determine the system 


Si 


Sin Jit 9 +0 0 0 
+O+0+/, +90 +f 

Ja Ju +0 +0 0 0 

Si Ju +9 +0 0 0. 


In ordinary notation this system is 


A 
lh bh +A 
hi ft 0 
0. 


IV. The factoring of a composite system of eight units into a two-unit 
system and a four-unit system* presents no new difficulties and the details of 
the method may be readily developed from the two preceding examples. By 
this scheme the octonian system is easily shown to be the compound of the ordi- 
nary complex system and the quaternion system. 

V. This method at times furnishes curious results. To exhibit this, let us 
apply the method to the system + 


hy hs h, h, 


A, hy 0 0 


Writing out (10) and substituting from (11) 


91 = Ju + Gor + G93 + = Curd + + + C22 oe 
= + (A + Se) 

92 = Ga + = CaS + Soe = (A + See) 

93 = — = Cn — = (C11 — C22) 

= = Cx Jon = 


* Of course the four-unit system itself may be factorable. 
{Study, Encyklopaedie der Math. Wissen., vol. 1, p. 167 system VIII. 


h,| A, h, hs h, 

he| hy 0 h, 0 

h,| he —h, 0 0 
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Here the factors show two units in one system, f,, + f and f,,, and for the other 
system three independent units, e; + és, é, and e,—eé,.. The corresponding 
systems are 


Au t+ fo Su and + Cag — C29 

Ju} Su 0 0 C21 


In ordinary notation these systems are 


Soi 0 €2 0 
€; 


The compound system is 
| es 0.f, Si 
0 


afr afr So €3 fo 


or 


h,| h, h, hs h, 
he} he 0 h, 0 h, h, 
h,| hs —hy 0 0 h, 0 
hy | hy 0 0 0 h, 0 


he| hy h, —h, h, h; 
he | he h, 0 0 hs 0. 


es 
4 es 4 
0 


is seen to be the reciprocal of system (33) II. Encyk. der Math, Wissen., vol. 1, p. 167. 


h, he hs h, h; h, 
Our given system appears as a sub-system of the six-unit system. 
* By a change in the order of units, the system . 
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Next consider the system * 


h,| hy h, h; h, 
he} he 
hy —h, 0 0 
| hy 0 0. 


Writing out (10) and substituting from (11) 


= Gu + + G53 + = + + + 
= + (Ar + fez) 
92 = Jr — + 93 — = — + Cate — 
— (A + Se 
93 = — = — 
Is = + = Sar + 


= — ex) 
= + €2) 

The factors show four independent expressions for the units of one system and 
two for the units of the other system. For the first, the table is 


In ordinary notation 


C11 + €21 — €11 — + 
+ C22 + ex €21 — — + 
€21 — €23 — Con + + 


€é;| €; —e& 


* Encyk., vol. 1, p. 167 system VII a. 


h, hy h, 
these two systems are 
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The compound system is 
ah So So aS es fr 
ah eof, es So So ah a 
eS; af, —ah, ah — fr afi —ah 
eh aS; fr a ah af fs 
0 
0 


fo Jo —ea C4 e — €3 0 —e; fs fo 0 e 
afr es fr es fo &.0 e,-0 


or 

€3 4 €5 es 
& ey es ey es 
| €; 0 0 ey 0 0 
| & 0 0 0 0 
| & €; —eé, e3 
| 0 0 0 0 
| ex 0 0 €3 0 0. 


Our given system is a sub-system of the eight-unit system. This system is 
peculiar. Let j=1, 2, 3, 4 and k= 5, 6, 7, 8, then 


Ckp = Ch, Gy = Skyy ANA Cy, Cy, = 
§5.—Divisors or ZERO. 
The product of «= > e, and y= in the system £ is 
i; iy 
xy = = Vi, Yis Vir this = (14) 


iy ty ts 


If 


|_| 
Y is iz is 
“ 
‘agin = 0, 15 
Voy 1,...-,2 
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then the number z is called a left-hand divisor of zero. Similarly if 


II 
=) 


A) (16) 
then the number y is called a right-hand divisor of zero. The substitution of 
u = 0 in (4) gives a form which is evidently (15) and consequently A, is the 
absolute term in that type of characteristic equation. Similarly Aj is the abso- 
lute term in the other type of characteristic equation suggested in a previous foot 
note (§2). 

If the absolute term of the characteristic equation of the general number of 
a system vanishes, then every number of that system is a left-hand divisor of 
zero. It is known that in every system except the real, the ordinary complex 
and the quaternion, special numbers can be found for which the characteristic 
equation has no absolute term and such numbers are divisors of zero. 

From the theory of equations it is plain that* ,A, is the product of the n 
roots, u;, of the characteristic equation of a number of the system # and that 
rA, is the product of the r roots, v;, of the characteristic equation of a number 
of the system F. Then the absolute term of the characteristic equation of their 
compound number is the product of the nr roots, u;;, and in this product each 
root u; occurs 7 times and each root v; occurs n times. Therefore 


= (z4,)’. (pA,)". (17) 


From (17) it is evident that if either of the factor numbers is a divisor of 
vero, then the compound number must be a divisor of zero. 

If the absolute term of the characteristic equation of a general composite 
number of a composite system vanishes, then every composite number of this 
system is a left-hand divisor of zero and in the factor systems every number of 
one (or perhaps of both) is a left-hand divisor of zero. 

If the general composite number is not a divisor of zero, it may still be that 
there are special composite numbers which are divisors of zero (that is, while 
rp, does not vanish identically, it may vanish for special values of the a’s). In 
this case, it follows as above that at least one of the factors of the composite 
number is a divisor of zero. 
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* The first subscript indicates the system under consideration. 
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A New Method in Geometry. 


By E. Lasker. 


INTRODUCTION. 


The following lines are based on the theory of moduli, the youngest branch 
of mathematical science. A method of research in intimate connection with that 
theory and applicable to algebraical, nay, even analytical formations of any kind, 
will here be discussed and illustrated. The examples chosen to explain the 
method, and to show its usefulness, are of a simple nature, and do not require 
the reader to be acquainted with more of the theory of moduli than is contained 
in the ‘‘Fundamentaltheorem”’ of Noether. 

The method which is the subject of this paper consists in the treatment of 
formations or configurations of such by means of the syzygetic relations that 
connect the basic forms of the modulus or moduli corresponding to the configu- 
rations. The linear system of such relations of a given order is studied by 
treating this linear system as an auxiliary space. 

The author has used the notation of his ‘‘ Essay on the geometrical calculus,” 
published in the Proceedings of the London Mathematical Society, 1895 and 1896. 
This notation may be briefly explained for the plane. If A, B, C are linear 
forms or points, then ABC denotes their determinant, AB the line joining 
A and B, and AB=— BA. If a,b,c are linear forms subject to contra- 
gredient transformations or lines, a/b/e denotes their determinant and a/b the 
point of intersection of a and b. Any relation between points, such as, say 


A* + 2B* = 307 + 9D? 


if true, expresses no more nor less than that, if the points-symbols used are 
simultaneously composed with an arbitrary line (1 = HF; Al= AEF) the 
relation is true (so that in the above instance 


(Al)? + 2(Bl)? = 3(Cl)? + 9(Dl)?). 


9 
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Multiplication is indicated by a dot. A.B denotes, for inst., the product of 
the points, or linear forms, A and B. 

The notation just described is perhaps a trifle simpler and more expressive 
than the ordinary notation of the invariant calculus, but is, on the whole, very 
little different from it. 

The author has in the examples chosen made use of an auxiliary space, 
which he has called the 2 space. Inasmuch as frequently sets of equations 
of the type 


are discussed, he has written them in one line 


and afterwards treated the expressions 42, a, + .... as linear forms, i. e. points, 
of the above mentioned 4 space. This way of proceeding, though not necessary, 
seems useful for the purpose of simplifying the calculations that would otherwise 
be beyond control. It allows, for inst., the advantage of the use of well-known 
identical relations of the invariant calculus, and it is the distinctive character of 
the method studied in the paper that the coefficients of these identities are not 
mere numbers, but forms in the original space, called the x space. 


The curve whose equation is f= 0 is, in what follows, frequently without 
further comment denoted with f, This notation seemed almost necessary in a 
paper where identical relations, such as 


Uy. Vy Uy. = 0 


had to be discussed. In any case this way of denoting curves and geometrical 
formations of any kind has its advantages. It permits to identify an irreducible 
formation directly with the corresponding prime modulus. 

The author’s paper twice referred to in what follows, ‘‘Zur Theorie der 
Moduln und Ideale,” appeared in the Mathematische Annalen, 1904. 


As a first example let a case be considered where one definite syzygetic 
relation exists between three plane forms. ‘The three forms may be three cubics 
that have 7 points P,, P, .... P; in common, of which we suppose that no 6 of 
them are on one conic. The system of cubics through P,....P, will be denoted 


A,» Uy + Ag. + wire = 
b, + bg =0 
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by S and we shall introduce parameters «,, “2, “3 so that any form of § appears 


in the shape 


where w,, u,, us are three forms of S that are linearly independent. Finally, 
let it be agreed upon that the uw; shall be treated as variables of a uw plane. 

Let then a, b,c be three uw points, m4, U2, us a8 well as S being uw lines. 
Sa, the composition of S with a, is then a definite cubic form in the plane of 
the variables x,, the x plane. For inst., S/u,/u, is us. Ifa, 6, ¢ are not on one 
line, Sa, Sb, Sc will be linearly independent and a relation will exist 


Sa.g, + Sb.g. + Se.g; = 0 


where gj, 92, gz are lines of the x plane, g, the line containing the two residual 
points of the intersection of Sb and Sc and where g., gs are similarly determined. 

If we transform the Sa, Sb, Sc linearly, then a corresponding identity will 
exist, where the g,, g., 73; will experience the corresponding cogredient trans- 
formation. Hence the 9, g2, g3 may be interpreted as coordinates of a u point g. 

Let g=g9,.4+ 9,.6+ 93.¢, then Sa.gbe+ Sb.gea+ Sc.gab=0 
in virtue of the above identity. 

This may also be written Sg = 0, i. e. the uw line S composed with the 
lu point g gives zero as result, no matter what the values of the 2, may be; and 
thus it is put into evidence, that the relation 


Sa.gbe+ Sb.gea+ Sc.gab=0 


will hold good no matter what u points a, 6, ¢ may be chosen. 

gab evidently intersects Sa, in virtue of the fundamental relation, besides 
in the two residual points of its intersection with S6, also in a point on gca. 
Thus there is acertain x point A on Sa, in which gad intersects that curve 
no matter how b may be chosen. A is coresidual to the two other points of 
intersection of gab with Sa, and, these lying on 6, residual to P,....P,. 

a being given, A is determined, because Su is uniquely determined: gab is 
the line joining the two points A, B corresponding toa and 6. In the deter- 
mination of the u space there is so much freedom, that we might identify simply 
a with A, gab with AB. Thus the original identity reads 


S,-BC+ Sp. CA + So. AB = 0 


S/ 4p 18 @ uw point, and a pencil of cubics in the x plane. In the above manner 


4 
“¢ 
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of writing, for inst., S/u, is = + The basis of the pencil 
consists of P,;....P; and two points on AB. For, indeed, S/,, contains both 
S, and S,. 

The relation between S, and A is evidently this: A line through A inter- 
sects S, in two points completing with P,....P, the base of a pencil of cubics. 
In particular, the point that with A and P,....P, completes that configuration, 
is the intersection of S, and the tangent to S, at A. The other 4 tangents from 
A to S,, having their point of contact somewhere else, touch S, in points whose 
corresponding point coincides with themselves. Through these points P a cubic 
is possible having P as doublepoint and containing P,....P,. The curve of the 
P is of 6th order and contains P,....P, as doublepoints. It can therefore 
intersect a cubic through P,....P, only in 4 points besides P,....P,;. Hence 
the P points on S, have been completely identified. 

Sp, is the curve of S containing P; as doublepoint. Indeed, it is according 


to the fundamental relation 
Sp. QR = — Sp. PQ 


and both S, and S, contain P;. 

Let any line 7 be given. Let to one of its points @ the other Q’ be joined 
that combined with it and P,....P; completes the base of a pencil of cubics. 
The o straight lines QQ’ thus generated will generally belong to a curve of 
class 3. Indeed if # is an arbitrary point not on /, two points corresponding to 
each other as Q and Q! will be collinear with R& if S, contains Q and Q’. 
Hence the points @ on / whose lines YQ! pass through & are the three inter- 
sections of / and S,. If 7 contains one of the P,, this reasoning shows that the 
curve corresponding to /7 is of class 2, And if 7 contains two of the P,, the 
curve will be a point, namely the point 7, belonging to the cubic S, degenerating 
into 2 and the conic through the other 5 points P. This whole reasoning is 
susceptible of extension to curves of any order, having in the P; singularities 
of any kind. 

In the geometry of cubics through P,...., all relations of ordinary plane 
geometry have their equivalent. This comes from the fact, that the cubics 
Si, Sp, So---- are connected by the same equations as the points A, B, C.... 
themselves. For inst., let A, B, C, D be 4 collinear points such that A and B 
are harmonically divided by C and D,. Then constants a and # will exist, 


so that C.D=aA*+ B’. 


fea 
{ 
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Hence, since all relations between the points are conserved in the corresponding 
cubics, we have 


Sc. Sp — aS,” + Sp’. 


Interpreting this result for the points P,....P;, Q, 2 common to S,, Sz, So, Sp, 
we have the proposition: If A, B, C, D are in harmonic situation, the tangents 
of S, and Sp at any one of the P;, Q, & divide the tangents of 8, and S, at 
these points harmonically. 

By the same reasoning the connection between the six points that are the 
intersections of 4 straight lines gives a similar relation between the tangent lines 
at P, of the cubics S belonging to the six points. And this principle may be 
used with every identical relation between points or lines of a plane. The rule 
is in fact susceptible of yet wider extension as its demonstration makes plain 
without difficulty. 

Wherever between a set of forms a single syzygetic relation exists, as above, 
the introduction of the uw space is advisable. In what follows we shall however 
do away with this expedient, in order not to confuse by the introduction of two 
or more auxiliary spaces. He who can handle operations in various sets of 
variables with ease will probably be able to shorten much of the work done in 
what follows. But this capacity is a rare accomplishment. Let u, v, w be forms 
of the 4th order which have eight points in common and such that no two of 
them have an infinity of points in common. 

The eight points common to w= 0, v= 0, w=0 may be denoted by P,, 
P,....P, and it is supposed that they do not lie on aconic. The two curves 
u=0,v=0 will, generally speaking, have 8 more points in common; or, to be 
accurate, the modulus (w, w) will comprise in all 16 Noetherian conditions. If f=0 
is any curve containing P,, P,....P,, then any form F, such that f. F’ belongs 
to the modulus (u, v), must satisfy 8 conditions, to which we briefly refer as the 
residual conditions of (u, v). It is not accurate to say that / must contain 
8 determinate points in order to satisfy the above relation, because this expresses 
the truth only when u and v have 16 distinct points of intersection and there 
may be coincidences. But to simplify the manner of expression we shall assume 
that wu and v are not in contact, and, should in a given case this not be so, we 
shall understand that the Noetherian conditions of the #’ modulus will then take 
the place of the coinciding points. Nor shall this remark be restricted to the 
case under discussion. In all that follows we shall disregard coincidences of 
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points unless otherwise stated, because the complication thus arising is without 
influence on the line of reasoning and easy to dissolve by the method of limits, 
as demonstrated in the paper “‘Zur Theorie der Moduln und Ideale.” 

u=0,v=0 will then have 8 residual points in common. These will not 
lie on a conic, for, from the proposition of Cayley in respect to the intersection 
of two plane curves it easily follows that, if 8 points of the intersection of two 
quartics are on a conic then the residual 8 points must likewise be on a conic. 
And we know that P,....P, are not on a conic. 

Let now ¢,, c be two forms of third order, such that c, = 0 and c,=0 
contain the 8 residual points of =0,v=0. w.c,=0 and w.c,=0 will then 
contain all the 16 points of intersection of w= 0 and v = 0, and therefore two 


relations will exist 
ua, +vb, + we,=0 


where aj, a, b,, by, are cubic forms. 
Multiplying the first of these equations by c,, the second by c,, we obtain 


by subtraction 
U (ay — + — = 0, 


hence 


Co — bg cy = ut 


where ¢ is a form of 2nd order. By eliminating from the two equations u we 


obtain also 
b, a, — a, b, = wt. 


The interpretation of these equations gives the following results: 

From ua, +v6b,+ we, =0, as u, v, w have P,....P; in common, it 
follows that c, contains the 8 residual points of (u, v), 6, those of (wu, w), a, those 
of (v, w). ¢, and v have 12 points in common, hence 4 of these points lie on a. 
But c, and a, have 9 points in common. Consequently a,, 6, and c, have 5 
common points. These, as a look on the three last equations shows, evidently 


lie on ¢. 

It may equally be inferred that all points common to (a,, a.) not on v and w 
must be on ¢. Therefore the 9th point of intersection of the two cubics a, and a, 
ison ?¢. The same applies to the 9th point of intersection of (,, b,) and (c,, c). 


LaskER: A New Method in Geometry. 71 


Let us write the two above equations 
(Ay ay Ag dg) U (Ay By Ag by) v + + Age) w= 


where 4,, A, are indeterminatae. If 2,, A, are constants, so determined, that 
A, 4, + A, a, contains point P,, then (A,a,; + A,a,) u will have P, as doublepoint. 
v and w not having contact at P,, it follows that also 2, b, + a,b, and 2, ¢, +A, ¢ 
must contain P,. Hence the equation aw+ bv + cw=0 is satisfied, if a is the 
cubic containing the 8 residual points of (v, w) and P,, 6 the cubic containing 
the 8 residual points of (w, vu) and P,, and ¢ is correspondingly determined. 
a, 6, e will then have 5 points in common not on wu, v, w, and the conic through 
them is ¢. For this construction of ¢ any one of the 8 points P,....P, may be 
utilized. The most general solution of 


au+bv+ecw=0 


where a, 6, c are cubics, is then attained by taking an arbitrary point P on ¢, 
and constructing a, b, c through their residual 8 points and P. 

¢ is a concomitant of wu, v, w which is multiplied by a factor only when 
u,v, w are subject to a linear transformation, when, for inst., w is replaced by 
au+Bv+yw. u,v, w define a linear system S of quartics through P,....Ps 
and ¢=0 is the locus of the point that, with 8 points forming the residual 
intersection of any two curves of S, completes the configuration of 9 points 
common to two cubics. 

All this may easily be extended to three curves of order n. Thus we may 
announce: If u, v, w are three curves of uth order having 4n(n—1) + 2 
points P; in common not situated on a curve of order n — 2, then two equations 


exist 
ua, +vb,+ue,=0 


ud, +vb,+we =0 


where a,, 5,, 42, c, are forms of order n—1. a, 5b, have 4 —1.n)—1 
points in common that determine a curve ¢=0 of ordern—2. wu, v, w determine 
a linear system S and any two curves of S intersect in the P; and in a residual 
group of 4n(n+1)—2 points, which forms part of the base of a pencil of curves 
(n — 2) (n — 3) 


; basic points of this pencil are 


of order n— 1. The remaining 


always situate on ¢. 
Further, if wu’, v', w! are any three linearly independent members of 4, the 


_- 
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points unless otherwise stated, because the complication thus arising is without 
influence on the line of reasoning and easy to dissolve by the method of limits, 
as demonstrated in the paper “Zur Theorie der Moduln und Ideale.” 

u=0,v=0 will then have 8 residual points in common. These will not 
lie on a conic, for, from the proposition of Cayley in respect to the intersection 
of two plane curves it easily follows that, if 8 points of the intersection of two 
quartics are on a conic then the residual 8 points must likewise be on a conic. 
And we know that P,....P, are not on a conic. 

Let now c,, ¢, be two forms of third order, such that c; = 0 and c,= 0 
contain the 8 residual points of u=0,v=0. w.c,=0 and w.c,=0 will] then 
contain all the 16 points of intersection of u = 0 and v= 0, and therefore two 


relations will exist 
ua, +vb,+we=0 


Utz +vb,+ we, =0 


where 5,, c;, are cubic forms. 
Multiplying the first of these equations by ¢,, the second by c,, we obtain 


by subtraction 
U (ay — + v — = 0, 


hence 
A; Cg — Agcy; = —v.t 


by Co — bg cy = ut 


where ¢ is a form of 2nd order. By eliminating from the two equations u we 


obtain also 
b, ag — a,b, = wt. 


The interpretation of these equations gives the following results: 

From wa, +vb,+ we, =0, as u, v, w have P,....P, in common, it 
follows that c, contains the 8 residual points of (u, v), 6, those of (uw, w), a, those 
of (v, w). ¢, and v have 12 points in common, hence 4 of these points lie on ay. 
But c, and a, have 9 points in common. Consequently a,, 6, and c, have 5 
common points. These, as a look on the three last equations shows, evidently 
lie on ¢. 

It may equally be inferred that all points common to (a,, a,) not on v and w 
must be on ¢. Therefore the 9th point of intersection of the two cubics a, and a, 
ison ¢, The same applies to the 9th point of intersection of (0,, b,) and (c,, cy). 
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Let us write the two above equations 
(Ay + Aya) (Ay By + Ag by) v + (Ay + Ag w= 


where ,, A, are indeterminatae. If 2,, a, are constants, so determined, that 
A; + A, a, contains point P,, then (A, a, + uw will have P, as doublepoint. 
v and w not having contact at P,, it follows that also 2,5, + 2,5, and A, ¢, + Ac 
must contain P,. Hence the equation au+ bv +cw=0 is satisfied, if a is the 
cubic containing the 8 residual points of (v, w) and P,, 6 the cubic containing 
the 8 residual points of (w, wu) and P,, and ¢ is correspondingly determined. 
a, b, c will then have 5 points in common not on u, v, w, and the conic through 
them is ¢. For this construction of ¢ any one of the 8 points P,....P, may be 
utilized. The most general solution of 


au+bv+cw=0 


where a, b, c are cubics, is then attained by taking an arbitrary point P on ¢, 
and constructing a, 6, c through their residual 8 points and P. 

¢ is a concomitant of u, v, w which is multiplied by a factor only when 
U, v, w are subject to a linear transformation, when, for inst., uw is replaced by 
au+Bv+yw. u,v, w define a linear system S of quartics through P,.... Ps 
and ¢=0 is the locus of the point that, with 8 points forming the residual 
intersection of any two curves of S, completes the configuration of 9 points 
common to two cubics. 

All this may easily be extended to three curves of order n. Thus we may 
announce: If u, v, w are three curves of uth order having 4n(n—1)+ 2 
points P, in common not situated on a curve of order n — 2, then two equations 


exist 
ua, +vb,+ue,=0 


Uud,+vb,+ wo =0 


where a,, 5,, 2, are forms of order n—1. a, c have 4 (n—1.n)—1 
points in common that determine a curve ¢=0 of ordern—2. uw, v, w determine 
a linear system S and any two curves of S intersect in the P; and in a residual 
group of $n(n+1)—2 points, which forms part of the base of a pencil of curves 
of order n—1. The remaining em — 3) basic points of this pencil are 
always situate on ¢. 

Further, if wu’, v', w! are any three linearly independent members of S, the 


| 
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residual pointgroups corresponding to v’), w’), (w’, u’) are such that 
triplets of curves of order (n—1) through them and any one of the P,; intersect 
ont=0. 

Let us return now to the original case of n= 4. aj, a, were curves of 
3d order through the 8 residual points of (v, w). Let .A be the 9th point of 
intersection of a,, a,, and let @ and y be such constants that 


yo—Bw 
contains A. Then this curve will contain all points of intersection of a, ds, 
hence linear forms p and g will exist such that 


yv—Bw=pat+qag. 


pa,+qa, will therefore contain P,....P,. Reverting to the argument above, 
referring to A, a, + A,a, containing one of the points P,....P,, it is clear that 
the same line of reasoning shows pb, + qb, as well as pe, + qe, to contain the 
points P,....P,. Hence constants a, a’, B’, y' will exist such that 
ph +qh=aw—yu 
and 
But identically 
(pa, + a2) + v (ph, + qb) + w (pe + = 0 
therefore 
u(yv—Bw)+ v(aw—yu) + = 0 
and it follows a=a’, y= y’. 


Moreover, since identically 


a(yu—Bw)+ 
we have 


a (pa, + + B(pbh + qh) (pat qe) =0 


ada,+ 


and 


where 7’ is a form of 2nd order, which, from the fact that a,, 5,, c, have 5 points 
in common with ¢ = 0, can be easily shown to be identical with ¢. 

p and g intersect in the point that together with P,....P, is the base of a 
pencil of cubics. Generally the proposition holds that the quartic which contains 
the 16 points of the base of a quartic pencil and the 9th point completing with 


— 
| 
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8 of them the base of a cubic pencil also contains the 9th point completing with 
the 8 others the base of a cubic pencil. 

To show this, let 1....8 and 9....16 be the 16 points common to two 
quartics; let further J be the point that jointly with 1....8 makes the base of a 
cubic pencil, and let JJ be the corresponding point for the set 9....16. The 
quartic through 1....16 and J may be wu, another through 1....16, but neither 
through J nor IJ, may be v. Also let A, B be cubics through 1....8 Z Then 


u=Aa—BB 


where a, @ are suitably determined linear forms. Also, if p and p! are lines 


through J 
op =Ay —Bd 
vp! = Ay’ — BI 


where y, 6, y’, 4! are forms of 2nd order. 
From the two last equations 


(pd! — p's) = A(y — y’8) 


hence pi —ps=Ae 
and yd —y'd=veE 
also py'—py=—Be 


where ¢ is a constant. 

We have ud — vp B = (ad — By) A. 

The points 9....16 lie therefore on ad — Py as well as on ad — By’. 
Being cubics these forms also contain the point JJ. But we have identically 


u(y d — + + vp' (ad — By) =0 
hence uet+ p(y (ad—By)=0 


u contains therefore J/. 

Applying this proposition to the equations evolved previously, we conclude 
that aw— yu, Bu—av, yu— Bw contain the point P that with P,....P, 
completes the base of a cubic pencil. These three quartics evidently belong to 
one pencil, and the 7 points they have in common besides P,....P, P lie on 
t= 0. To construct ¢ it is therefore only necessary to find the base of the pencil 
of curves of the system S that contain point P. 

10 
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The previously deduced laws may be easily extended to forms of higher 
orders. It is only necessary to interpret the set of identities already made use 
of for forms of higher orders in order to obtain the corresponding laws concerning 
them. To give an instance, let in the set of equations used for the demonstration 
of the proposition concerning a pencil of quartics u be a form of nth order 
(n > 4). Then we obtain immediately the new proposition: Any form of 
nth order intersecting a quartic v in 47 points and containing one, P, that with 
8 of these points completes the base of a cubic pencil, also contains a set of 
(n — 3)? points that in conjunction with the other 4 (x — 2) points of intersection 
makes the base of a pencil of (n—1)" order. In addition it may be shown that 
this set of (n — 3)” points is the base of a pencil of order (n — 3) (namely of the 
pencil containing a and £). 

Let us now attack a case where more than two syzygetic relations obtain, 
for instance that of three cubics having six points in common. If u, v, w are 
these cubics, and if the six points P,....P, common to them are not on a conic, 
three relations will exist 

+ bv 0 
0 


where the a,, 6, and ¢; are conics. For the existence of a relation 
aut+bv+ew=0 


it is only required that a=0 should contain the three residual points of the 
intersection of (v, w), and, a being a conic chosen in conformity with this con- 
dition, 6 and c are uniquely determined. Here the number of forms is consider- 
able and, to deal with them efficiently, it is advisable to write the three relations 
in one line 

O = (Ay Ag dy + U (Ay by Ag by + Ag bs) + (Ay Ay Co + Ag Cy) w 
and to interpret 2,, A,, Az as indeterminate coordinates of a point in a A plane. 


Finally we write 
Ay, + Agd, + Aza3 =a 


Ay by + Ag by + Ag = b 


so that a, b, c are points in the A plane and of the 2nd order in the original plane 
which, for brevity, we designate the a plane. 
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The equation au + bv +cw=0 shows that the three 4 points a, b, c are 
always collinear. Composing the equation with a, we obtain 
ab.vu+tac.w=0 
where ab denotes the matrix composed of a and } and where multiplication is 
indicated by the point. From this relation it follows that ab is divisible by w 
and ac by v. A form g will therefore exist such that 


ab=g9.w 
ca=g.v 
and similarly be=g.u 


where g is a line in the A plane and in the z plane is of the Ist order. 

Let 7 be any Aline. Then al, bl, cl, the compositions of the A points a, b, ¢ 
with /, are magnitudes in the 4 space, and conics in the = plane. 

From al.u+bl.v+cl.w=0 it is clear by reasoning analogous to that 
previously used, that a/, bJ and w have three, and therefore al, b/ and c/7 have 
one point incommon. This point lies on the line g/l/m, m denoting any other 
Aline. g/l/m contains also the 4th point of intersection of (al, am), (bl, bm), 
(cl, cm). This fact is put in evidence by the identity 

al and am have 3 points in common with w, hence their 4th point of intersection 
lies on g/l/m. 

Let Z be any 4 point. gZ denotes then a definite x line, and aL, dL, cL 
pencils of conics. aJZ always contains the three residual points of (v, w); there- 
fore only the 4th point of the base of the pencil aZ is variable. It lies on gL, 
and the same is true of the 4th point of the pencils DL, cL. Indeed, it is 
identically 

aLN.bMN—aMN.bILN=abN.LMN=w.gN.LMN 


where WN is any 4 point. HenceaZNandaWMN intersect apart from the three 
points of intersection on w, on gN. Similarly the point common to aLWN, 
bLWN,cLWN is the point of intersection of the lines g Z and g N. 

To any point A of the x plane correspond two others B and C in this fashion: 
Through A a pencil of conics al and am is determined. To it correspond pencils 
(61, bm) and (cl, em), whose 4th point of intersection is B and C respectively. 
A, B, C are in astraight line, namely g/l/m. al, bl, cl and am, bm, cm intersect 
on the same straight line. 


HI 
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The correspondence between A, B, C is therefore such that if A moves on 
any conic through the 3 basic points of the system a, B and C will move on 
related conics, while the line A, B, C will revolve round the point common to 
the three conics in question. 

If A coincides with one of the points P,, then Band C will also coincide 
with it. This follows at once from the fundamental identity when it is assumed 
that a contains P,. 

To two conics of the set a through P, correspond two conics of the sets b 
and c through P, and each triplet of them determines a point of intersection. 
The two, points of intersection thus derived and P, are collinear. 

Hence a certain line p, passes through P,, and similarly 5 other lines 
+++, pass through P,, P;, P,, Ps, P, such that to each conic of the set a 
through P, correspond conics of the set b and c through P, intersecting on p,. 
Consequently the conics of the sets a, b,c through P, and P, intersect in the 
point of intersection of p, and p;. A very curious net of intersections is thus 
generated. 

The fact that for each position of the 4 line J al, bl, cl contain, each, three 
fixed points, leads to this proposition: Besides g three 4 lines a, @, y exist, 
which are in the x plane of first order and which composed with the / points 
a, b,¢ give zero. With other words, if a,, a,, a; are the components of the 
A point a two identities exist 


A191 + Jo + a3 93 = 9, dy + Ay + az a3 = 0, 


where 9;, 92, gs are the coefficients of the A line g, a,, a,, a; those of another 
A linea. ais then a A point common to g and a, hence 


a=g/a, b=g/PB, c=g/y. 
And from au + bv +cw= 0 it follows 
(ua + vB + wy)/g =0. 


u.a+v.8+w.y is therefore congruent with g, i.e. a multiple of g. 
We may put it =— ¢.g, where ¢ is a form of 3d order in the x plane, a number 
in the A plane. Thus we have 


and =t, Byg =4, etc. 
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If LZ is any 4 point, then aZ, BL, yL, gL correspond to each other 
according to the rules of linear transformations, i. e. to any given g line 
corresponds one a, (@, y line, and vice versa; and to ag line through a given 
point correspond a, @, vy lines through dependent (correspondent) points. 

Now from g/a =a and the identity 

gLl.aM—gM.aL=g/a/LM=aLM 

it is evident that gZ and gM as well as gZ and aZ intersect on aL M. 
Consequently the intersection of gZ and g M is again found to be the point 
common to aL M, bLM, cL M; and the 4th point of intersection of aL M 
and aL WN (formerly called A) is on gZ and aZ. The triangle of self- 
corresponding lines of gZ, aL is evidently that formed by the three points 
residual to the intersection of (v, w). The linear correspondences of the x plane, 
characterized by gL, aL, BL, yL, may therefore be constructed as follows: 
Let the three residual triangles of (u, v), (v, w), (w, u) be the self-corresponding 
ones of three linear transformations; let further to the line p, correspond three 
arbitrarily selected distinct lines a’, 6’, y’ through P,. Then three corre- 
spondences a, @, y of the plane are thereby determined, such that any line of 
the plane is cut by its corresponding a line in the point previously called A, etc., 
and that a, @, y lines corresponding to the same (q) line intersect in the same 
point P only, when P is on acubict=0 that contains the six points P,, P,, 
Ps, Pu, Ps, P,. 

All this may again be immediately extended to suitably restricted forms of 
higher orders, for inst. to three quartics having 9 points incommon. The matter 
of generalization becomes simply a question of counting the number of points of 
intersection, the order numbers of the various curves introduced and the number 
of constants of these curves. It is not difficult to extent this method to three 
plane curves of any orders having any number of common points and therefore 
any number of syzygetic relations. We shall now enlarge the scope of the work 
by considering the relations of 4 given plane forms. 

As a first instance take the case of 4 conics u,, U2, Us, uw having no common 
point and which are linearly independent. Their linear system may be S. Let 
91, 92) 93) gs be forms of ist order, then two independent relations of the type 


Ji Uy Jo Un Us + = 0 
will exist. That there will be at Jeast 2 follows from the consideration of the 
cubics through the 8 points (uw, u,), (us, %), which evidently must be expressible 


til 
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in the way + 9. U. a8 well as + That there will be no more 
than two is clear from the fact that these 8 points cannot lie on one conic (or 
U,, Uy, Uz, uw Would be linearly dependent). Hence g,, 9, 93, g, will be points 
on a 4 line, or homographics, whose vertices are somewhere in the x plane. 
Composing the identity + go.U. + 93.Us + =O with g,, 


we have 
Ji Ur U2 + - = 9. 


Hence constants a;, a, a; will exist such that 


Gi Js = Uz — Ag. Uy 
Jo Gs = Uy — Ag. Us 
Js = - Up — Ag. Uy. 
It also follows that 
Gi + + Gs + 43-939, = 0. 


+ 92 + 43-93 18 therefore a numerical multiple of g,. Consequently 
a number a, exists such that 


Ji + G2 + Og. 93 + = O. 


We shall now interpret these equations. 9, 92, 93, g, are homographic pencils 
of lines through points that will be called A,, A,, As, Ay. 9194, 9294) 939s 
are conics having 4 points in common, namely A, and say #, F, G. gq, 
contains A,, A, and the 4 points (u., uw). From the identity 


where 7 is any A point, it follows that also g,g, contains LH, F, G. These three 
points are therefore common to the six conics g; 9--- -9394- 

The pencil of cubics u,.9; + u,.g, contains the 4 points (w,, uw.) and as the 
original identity shows, also the four (us, u,). The pencil passes therefore also 
through another point B,,=—B,,. Let B,,;=B,, and B,, = B,, be similarly 
determined. Since w,. 9; + contains B, also + + Ge) Uy. 91 Go 
will. Hence B,, is situate on both g, g, and g,;g,. The points of intersection of 
the six conics 9; g2---- 939, are herewith completely laid down. 

01+ 91 + is a pencil whose vertex lies on 9; + a2. 92) Jo = 41.9; 
It also lies on g,g,. But its vertex is neither # nor F or G, because it generally 
does not lie on g,g3, which may be most easily shown by the analysis of a 
particular example. Such an example is most readily obtained by starting 
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inversely from 4 linearly dependent pencils g,....g, and constructing 4 forms 
Uy, Us, Uz, Uw according to the above identities. It then follows that the vertex 
of + a,.g_, must be B,,. If is any A point a,.g,l-+ a,.g,/ in virtue of 
the relation between g,, 92, 93, g, is the line joining the intersection of g,/ and g,/ 
with that of g,2 and g,/. This line, with varying /, revolves round B, ». 

E, F, G remain invariant when w, u., us, uw are subject to linear trans- 
formations. Starting with any 4 forms of 8S, H, F, G will therefore remain the 
same. But S contains 4 squares of linear forms and it can be shown without 
difficulty that HZ, F, G are the corners of the diagonal triangle of the complete 
quadrangle of lines whose squares belong to S. 

Summarizing, we obtain a proposition as follows: Let 4 conics u,, w., us, uy 
not containing a common point nor linearly dependent be arbitrarily given. 
The 8 points (w,, wv.) and (ws, w4) determine the point B,, completing the base 
of a pencil of cubics through them. B,, and B,, are similarly constructed. 
The conic through B,, and (us, w,) has with that through B,, and (w, wu.) three 
points #, F, G in common which, with 4 points common to any two conics of 
the system S, always lie on one conic. The conics through H, F, G and 
(u;, u) may be denoted g,g;. Then 9, %, 9291, 93 9, have besides LH, F, G 
another point A, in common, etc. Through A,, A,, A;, A, a single infinity of 
lines 9;, 92, 93, g, Will pass whose 6 points of intersection will lie on the 6 above 
CONICS g; Jo----93g, and the sides of whose diagonal triangles revolve round 
Bi2, By3, Bog. It also easily follows that each corner of these diagonal 
triangles moves upon a conic through #, /, @ (the point of intersection of the 
lines (9;/92), (93/94) |(91/9s), (92/94) for inst. moves upon the conics (a,.9, +a. 92), 
(a; -91 + &3-9s))- 

The process just made use of, if applied to a set of forms of nth order, will 
lead to very remarkable results. But the calculation becomes somewhat complex 
when n is large. The principles involved may however be well explained in 
the case n=3. Let then u,, uw, us, uy be 4 cubics that are linearly independent, 
have no point in common and such that through the 18 points (uw, uw.) and 
(us, us) only the minimum number, namely three linearly independent quintics 
can pass. 

Let % be conics, suitably determined, then three independent 


relations will exist 


(1) Uy. V1 Uy. Ve + Uy. V3 + =O 
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and the 4 space will therefore be a plane. It follows v, v, v3 is divisible by wu, 
(2) V1 Vz Vz = Uy. W 
where w is a x form of 3d order, a number in the @ plane. Similarly 
(2) Vz Vz = — etc. 
Composing the fundamental identity with »,, we have 
Uy Vg Ve Uz. Vz Vy = 
and therefore forms a,, a, a; will exist, such that 


V1 U4 = Ag. Ug — Ay. Uz 
(3) Ux Ug = Ay. Ug — Ag. Uy 
V3 Ug Ag «Uy — A. Uy 


@, 42, ag will be A lines and = lines. 
Composing the first identity with », 


= Ag. Ug — Vy Ay. Uz. 
(4) Hence v, a; = b,. us, = b,.%, where isa number. Similarly 


Ag = by. Ug, = .Uy, = dz = Uy, May my... 
where b,, b;, 6, are three other numbers. 
Composing the original identity with v,, we have 


Up Vy Vz Ug + V1 Ug Uy. = O, 
or Up. Vy Ve Ug. Vz + Uy (Ag Uy — Ay Us) = 0, 
consequently a A and 2 line a, will exist such that 


(3) U3 = Ay. Uy — Ay. 


and similarly Ve Vz Ay — 
Composing v, v, = a, U3 — a3 with we have 
Ug W Ay Ug Uz — Ag Vg 
or Uy W = bg ty. Uz — Ag Uy 


and (5) w = bg. Ug — az v3. 
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Composing the original identity with a; 
Ag V1 Uy + Ag Up Ag Vg. Ug + Ag = 0 
tg Uy + be Ug . Up + Ug — W) Us + = 0 
(6) w = b, + by Uy + Us + Oy 
w therefore belongs to the linear system of u,, u., Us, %. 
From the identity 


where / is any A line, inserting the values above found 
Ay. (0,0. + Ue + vg 1. Ug) — Uy. (ay. + 1 + = — 

But v, 0. uy + Ue + v3 1. ug = — um owing to the original identity. 
Consequently 
(7) W.1. 

Composing this with some point / 

a, W.1M 


or (8) 
Again, identifying / in 7 with a, and utilizing (4) and (5) 

(9) by. + by. a, + b3.a3, + a, = 0. 
Hence 


ay. —b,. 11) + ag vg 41) + ag vg =W. 
by means of (7) and (9). 
But a,, a2, a; and 7 considered as 4 lines can only be connected by one 
linear identity. Hence it follows 
a,/a,/a,=e.b,.W 
= 6,;y,1) or simpler 


(10) =e(h.v3— bs. %) 
and similarly =e(h.v,—5,.%) 
/ ay = — bg. %) 


where ¢ is a numeric constant not only in the 4 plane, but also in the a plane, 
whose value we shall assume to be, for simplicity, = 1. Similar relations 
obviously hold for a, a,a,, 4,a,, and a;a,. 

11 
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Multiplying the original identity by 5, and inserting the value of W, 
we obtain 


(11) — 1%) + Ue. (by. — by + Ug. (Dy. — 03.4%) +W. 4, = 0 


These eleven relations are sufficient and necessary to explain the connections 
existing between the various forms introduced. 

Uy, Us, Uz, Uw being given, all the other forms are determined. We may ask 
how far the giving of some of the forms of the set above mentioned determines 
the whole set. Let b,, 5,, 63, by, a), Gg, a3, a, be given in accordance with (9). 
W is then determined by (10). Of the set v,, vw, v3, vu, any one may yet be 
arbitrarily chosen, but then, on account of (10) the whole set is known. After 
this, on account of (4) and (5), also w, w., Us, Uy are known. 6,.%», for inst., is 
= W+a,, The uw, wm, us, so found 
will be connected by 

Uy. Vy Uy. Vo $ Ug. V3 = 0 


where the v,, %, v3, v, have the above significance, since 


. Ve Vz = Y% . — ag/a4) . — a, / Ay) 


= (3/04) = Oy . Ag Ay dy = 56, W 


and v, v2 v; = W, etc. 
It remains now to throw these relations into a geometrical garb and 
incidentally to state the cross-connections of these forms in a variety of shapes. 
If 7 is a A line with constant coefficients a,/a, 7 is a conic. This conic will 
contain three points independent of the choice of 7. The proof of this lies in the 
identity, L, M, N denoting arbitrary % points 
aL IIL 
a4MaM 
a,N a,N IN 


when it is taken into consideration that the three conics 


a,L aM a,N 


have three points in common. 
a,L aM a,N P 


The three points thus defined will be written (a,/a,). They are situate 
on W, because W= a,/a,/a;. 
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The two triplets of points (a,/a,) and (a,/a3) are coresidual on W. More 
accurately stated, the two conics 


and a,/a;/l 


intersect W, besides in (a,/a,) and (a,/a3), in 3 identical points for brevity 
denoted by (/). This is evident from the identical relation 


Ay .a,/a3/m — = 


where m is any 4 line. For a,/a,/a; is = W and m may be so determined that 
a,/a,/l and a,/a,/m intersect in no more than three points on W. 

To each point Z correspond z lines a, L, a, LZ. To a line of points 
corresponds a pencil of « lines. Hence the ” pairs of lines a, LZ, a, Z, where 
L is variable, represent a linear transformation of the x plane, that may be 
briefly denoted by (1, 2). If 7 is a A line, a,/7 denotes a pencil of = lines, 
whose vertex may be (a,//). (a,/l) and (a,/l) are x points corresponding to 
each other by virtue of (1, 2). For if Z and & are points on /, a,Z and a,M 
intersect in (a,//), and a, Z and a, M intersect in (a,/1). 

The triplet (a,/a,) is the self corresponding triangle of (1, 2). Indeed if P 
is such a point that it corresponds to itself by virtue of (1, 2), then a A line / 
must exist so that 

afl=P, afl=P. 
Hence if we compose in the x plane 
a, P=l=a,P 


and a, P/a,P/m=0 however the 4 line m may be chosen. Consequently 
P is one of the three points a,/(a,/a-). 

The conic a,/a,// contains the two points (a,//) and (a,/l). Denoting by 
L, M two points on /, we have LM=1, and 


a,L.a,M —a,M.a,L=a,/a,/LM. 


The conic contains therefore the point of intersection of a, Z and a, M. 
It contains, besides, the point of intersection of a,Z and a,J, i.e. of any two 
lines corresponding by virtue of (1, 2) whose corresponding 4 point is situated on J. 

Consider now the three triplets (a,/a,), (a,/as), (a,/a3). Any three conics 
through them, a,/a,/1, a./a3/l, a3/a,/l, that intersect W in the same 3 residual 
points, intersect besides in three points [a,/a,// and a,/ag/l in (a,/l), a,/a,// and 
a,/d3/1 in and a,/a;/2 in which correspond to each other 
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by virtue of the correspondences (1, 2), (1, 3) and (2, 3). This argument and 
result is in nowise restricted to any special cubics or special coresidual triplets 
on them. However we select three coresidual triplets on a cubic, the conics 
through them intersecting the cubic in an identical triplet of points intersect 
besides in three points which are correspondents in two linear transformations 
of the plane. 

We shall now place ourselves in the viewpoint of neglecting all of the 
preceding equations except such as refer to the a,, a,; a;,a, and W. And we 
shall give our attention to the study of those properties of these forms as apply 
to any cubic W. Let W be given and let a linear transformation, or collineation 
of its plane whose self-corresponding triangle (a,/a,) is on W, be arbitrarily selected 
and called (1, 2). Then any conic through (a,/a,) and a corresponding pointpair 
intersects W in a triplet (/) and conversely any conic through (a,/a,) contains 
just one corresponding pointpair, as easily is shown by elementary consideratious. 
An auxiliary 4 plane may then be constructed and forms a,, a, calculated. 

Let now a point P be arbitrarily selected on W. Through (a,/a,) we 
construct a conic a,/a,// that intersects W in a residual triplet (7). This conic 
also contains the point (a,//). Through (7), P and (a,//) a conic is determined, 
that we call a,/a;/7 and which intersects W, besides in (/) and P, in two points 
which with P form a triplet called (a,/a;). If similarly another point Q is 
arbitrarily chosen on W then a triplet (a,/a;) may be similarly determined so 
as to contain Y. And now the whole set a,, a,, a; and the transformations 
(1, 2), (1, 3), (2, 3) are fixed, because conics through (a,/a,), (a,/a3) and (a,/as) 
intersecting W in an identical triplet (J) have their fourth point of intersection 
in corresponding points. 

If the two points whose free choice led to the determination of a; are varied 
while everything else remains the same, then only such 4 lines aj will be 
generated as are linearly dependent upon a,,a,,a3;. Indeed a,/a,/a3 will be, 
according to the above construction, = W, the cubic under discussion. Also 
a;/a,/a; will be = W. Constants 6 and 0! must therefore exist so that 
a,/a,/(ba,;— b'a3) = 0. Let From a,/a,/y =0 it follows, 
if L, M, N are A points 


yb yM yN 
But a,L a,M a,M a,N a,L a,N 
a,L a,M a,M a,N a,L a,N 


a, L a, M a, 
a,L a,M a,N| =0. 
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have three points in common. Hence y M must contain the 4th point common 
to the two first determinant conics and, y being a straight line, it may easily be 
shown that y must be a linear combination, with constant coefficients, of a, and a. 

The relation between the 6 triplets on W (a,/az)....(a;/a,) is then that they 
are coresidual and that the 6 conics through these 6 triplets and any residual 
triplet on W intersect in only 4 more points. We have shown above that this 
statement necessarily involves the linear dependence of a,, a,, a3, a, expressed 
by (9). Equation (9) may find expression in a geometrical shape as follows: 
L being any 4 point, a, L, a, L, a; LZ, a, LZ therefore x lines, from 


it is evident that 6,.a,L + 6,.a,Z is the line passing through the intersections 
of a, L/a,Z and through that of a; Z/a,Z. Now to each LZ corresponds a definite 
b,.a,L + b,.a,L, and b,.a, + b,. a, is therefore in conjunction with a, a symbol 
for a definite linear transformation of the x plane, whose self-corresponding 
triangle must be on W. In fact this triangle is no other than the three points 
common to a,/b,a, + b,a,//, i.e. no other than the triplet (a,/a,). Hence by 
some linear transformation 7’ whose self-corresponding triangle is (a,/a,), each 
a, L is converted into the line joining the intersections of a, Z/a,Z and a; L/a, L. 
And a similar statement holds for the other diagonals of the quadrangle of 
corresponding lines a, L, a, L, a; L, a, L. 

We shall now consider the forms wu, and v, that were hitherto neglected. 
If Z is any A point, v,v, L, v.v3L, v3v, L are three quartics that have 12 points 
in common; for it is clear that v,v,Z and v,v,Z£ contain the 4 points of the 
pencil v, Z and have their other common points on v,v;L. From the identity 


it follows, since v, v, v3; = that these 12 points common to u,v, L, L, 
L either lie on W or on Now v, = a, us — az hence v, v, intersects 
u, in the 9 points, where u; cuts that curve and besides in the 3 points of inter- 
section of a,Land Consequently v, v,L, L, L have three of their 
common points on nine on W. vv, =v, — b v2) =v, intersects 
W always in the 3 points (a;/a,). Consequently the 9 variable points of the 
intersection of v,v,Z and W are those that are common to v,v,Z and »,L; 
and, by the same reasoning, also to L, L. 

v,v,L and v3v,L have, beside these 9 points, still 7 points in common. 
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These complete with the 18 points (w,, w%), (us, u%) the base of 25 points of a 
pencil of quintics. Indeed the two quintics 


and LDN + w%.v, LN 


contain the 9 points (u,, u.), also those of (us, uw) owing to identity (1), and 
besides 7 points obviously situate on the result of eliminating u,, u, from above, 


LN 


By the same reasoning and by means of the equation (1) these 7 points are also 
situate on v,;v,L. Moreover, it is clear that none of these points will generally 
lie on say v,v;L. The group of 7 points is therefore characterized as that part 
of the intersection of v, v, Z and v;y, L that is residual to the group of 9 points 
common to the vv, L. 

The 7 points (v, v, L, v3v,L) form with the point of intersection of a, Z, a, L 
and with that of a,Z, a,Z the base of a pencil of cubics. Since u,.v, LM 
+ u,.v, DU as well as v3», L = a, L.u, —a,L.u, contain the 7 points, so will 
Hence this cubic and 
contain the 7 points. The two cubics contain, besides, point (a, L, a, Z), and, 
owing to relations (7) and (8), also (a; Z, a, LZ). 

From all this it is then apparent: Let S be a linear system of cubics which 
has 4 linearly independent cubics (u,, u., ug, ws) a8 base and which, besides, is 
not of that particular nature that the 18 points (u,, u.), (us, wu) should admit 
more than 3 linearly independent quintics through them. Then two quintics 
through two groups of nine points common to two cubics of S, for inst. (u,, wu) 
and (us, w,), will intersect in 7 residual points that with each one of the above 
group of nine points will lie on one quartic. The two quartics thus determined 
will have 9 residual points in common, and these 9 points will always lie on the 
same cubic W. The cubic thus determined belongs to the system S. Moreover, 
it is clear from what precedes, that however the selection of the original two 
pairs of cubics in S and of the two quintics through the pair of nine points may 
be: varied the group of nine points determining W must always be one of a 
determinate system IT of »* such nine-point groups, as any particular nine-point 
group of I does not depend at all on the choice of the two pairs of cubics (variety 
of choice obviously subjecting the x, v, vs, v, only to a linear transformation of 


} 
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each other) but entirely on the choice of the two quintics through the 18 points, 
i. e. on the A line 7. 

The cubic W of the system S has still other remarkable properties easily 
derived from the set of equations previously deduced. Thus (11) shows that 


each quintic 
u; v, — b, W.uyl 


also contains the 9 points (u,, us). But &,.v,/—6,.v,/ has, wherever / may be 
situated, the 3 points (a,/as;) in common with W. Hence, a cubic (u,) of § 
intersects W in 9 points, that with any nine points common to two other cubics 
of S (uz, us) determine a triplet of points (a,/a;) such that any quintic through 
above 18 points also contains the triplet. And this triplet is situate on W, and 
all triplets thus determined, by varied choice of the cubics (u,, w., us) in S, are 
coresidual. Moreover, each such triplet is residual to any one of the nine-point 
groups of [, and a quartic (v, »,/) containing any one such triplet and an indi- 
vidual of [ contains also nine points of intersection of two cubics of S (u,, us). 

A group of nine points common to two cubics of S is determined when two 
of its points are arbitrarily given, for a cubic of S may be made to pass through 
any three points, and two points determine therefore a pencil in S. The 4 
system A of nine points forming the base of a pencil in S, and the system I of 
nine point groups has this relationship that any two individuals of A and T lie 
on a quartic. Let for inst. a nine point group of A be the intersection of uj, us, 
Choosing as base of S uj, uy, u3, wm (any 4 linearly independent cubics two of 
which are uj, us) it is clear from the preceding, that the corresponding v; are 
such as to yield quartics v3vjZ containing, according to the selection of Z, any 
given individual of and 

Not every quartic through an individual of [ contains an individual of A. 
Let a given individual [', of [ be common to »,»,L, v,v;,L..--v;u4,L. Then 
any quartic through I’, will be 


S = mL +854 


where &,,....& 4 are 6 indeterminates. Should f contain an individual of A 
it must be representable in the shape vj v; L, where v, and v; are linearly 
dependent upon the »v,. This, as in the case of straight lines in space, requires 
an equation to be satisfied, namely & 34 + + = 9. 

The same method leads to interesting results when 4 curves of ordern are 
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under discussion. And it is a suggestive fact that the connections between 
4 forms of order (n—1), (n—2), etc., recur again at the higher orders. In the 
case n = 3 that has just been studied, for instance, the equation 


where is a variable point on shows that the a,//, a,/l, a;/l, are pencils 
of lines that stand to the conics »v,/, v,/, v3/, »,/ in the same report as the pencils 
previously named g,, 92, 93, g, to the 4 conics of the casen=2. And the analogy 
goes very much further. So is the triangle HFG in the case n=3 represented 
by the triangle (7) on W, and all the other points and lines that were mentioned 
in the configuration belonging to n=2 find ready interpretation for the set of 
conics v, l. 

If the condition referring to the 18 points (u,, w.), (uz, %) is not satisfied, 
more than three linearly independent quintics will exist containing the 18 points 
and the v,, %, V3, % Will then be points in a % space of manifoldness 4. It 
follows then 

Vz V3 = W, ete., 
where W is a A plane containing v,, v2, V3, ¥, and is of order 3 in the x co- 
ordinates or else vanishes. Again we have the equations 


VY Vo Ug ag Uy etc., 


where the a; are of 1st order in the x,, and of the dimension of a line in the 
A space. Obviously 


(,. Us — . Uy) (a, . Uz — a3. U4) = 0 
i. €. Uz; — composed with itself is 0. Hence 
Ay. UZ — 2A, Ag. Uy Ug + = 0. 


Consequently a,a, is divisibly by u,. But a,a, is only of order 2 in the 2. 
Therefore 

aa, = 0, = 0, aga; = 0. 
Considered as % forms, v, v,, @,a3; are three lines having a common point of 
intersection. The same argument holds in respect to v,, v3 and a,, a,, etc. The 
Ve, V3, must therefore be points in a A plane W in which also a, ag, 
are situated. 
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From 2, v2 = a, uz; — a; % it follows that v, a, is divisible by u. Let be 
6, will then be (unless it vanishes) a 4 space independent of the x plane. We 
shall also have v,a; = b,.u, and generally b,.u, if ity. 
To find v,a;, we compose 


= Ay Uz — Ag Uy 


with 23. u,. W= by uy. Uy — Vy 
or V3 A; = b,. — W. 
Composing with a, we obtain 


by Uy + by Uy + by Us + Ow, = W. 
bv, is = 0. Consequently 
by Vy. + bs V1. Ug + = 0. 
This shows 0, 0, &v,=0. The must vanish, and therefore 


also W. The », will all be on the same 4 line a and the a, will be, as 4 lines, 
congruent with a. From this a,=c¢,.a, where c,; is a numeric. Therefore 


Vv; Ve = Uz — Cz U) - a, etc., 
V1 (Cz Ve + Cz Vz + = 


aud Cy Vy Ce Vg Cz Vz + = 


Let a = a + + Where x, x,, are the 2, variables, a,, as 
lines in the 4 space independent of x. Now (v, v) (v, = 0. Hence aa = 0, 
and it follows a,a;—0. The a, are intersecting lines. They cannot lie in the 
same 4 plane P, or Pv, = 0, and the v, v2, v3, v4, would be forms of a plane, 
not of a space of 4 manifoldness, contrary to hypothesis. Consequently the a, 


must have a 4 point G in common. 
Let then be a= aG, where aisaA point. v,G is =a, therefore let be 


= p,.a 
where p, isa linear x form. Then 

V1G=p,.aG 
and a+ G. 
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The original identity, after the insertion of these values, gives then the two 
equations 

Pity + Po Ue + pz Ug + yy = 0 


where the p, are of the 1st order, the g, of the 2nd order. From this, as before, 


Pi — P2 Qi = % Ug — Cg ete., 
Cy Py + Co Po + Cg + % Py = 
C191 + C2 Go + 393 + = 0 


Also (Cy Uy — Cy Uy) Po + (Cy Ug — C3 + Py = 


This can only be, if the three cubics ¢, have 
7 points in common. 

The salient fact then is, that whenever the 18 points (w,, u,), (us, u,) are 
such as to permit more than three linearly independent quintics through them, 
some identity p, + = — pz Ug — py will exist and therefore a quartic 
will contain all the points. When the above condition is satisfied, a quintic 
form f will exist apolar to uw, u%,, us, w%. And conversely any quintic f being 
given, 4 cubics may be found that are apolar tof. The 7 points 
common to c, U, — c,u, etc., may be denoted by A....G. These 7 points will 
be those by means of which / may be represented as sum of seven fifth powers of 
linear forms A’+ .... + G°. We need not dwell on this point that is easily 
made plain but by considerations foreign to the subject of this paper. 

Now much of what has been said and done here may be generalized. 
A form of order 2n—1 being arbitrarily given, the set of forms of order n apolar 
to it may be studied in an analogous fashion. Nor is this calculation restricted 
in any way in the number of variables 2,. 

The calculation may be generalized in a somewhat different direction and 
yields, without much labor, an interesting and very applicable result. As a 
starting point we use the theory of my paper ‘‘Zur Theorie der Moduln und 
Ideale.” Accordingly the reader will be supposed to understand the meaning 
of the form Q (u,....u,) and to be acquainted with propositions I, II, III of 
that paper. 

Let u,...-%m be m forms of m homogenous variables, whose resultant does 
not vanish. Their orders may be designated by n,....n,,. A form of order 
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m+ ..-.-+n,—m will then exist apolar to all of them. This form may be 
written Q. There will be no form of order n,+ ....+2,,—m other than Q 
apolar to w..--%,, and no form of higher order will be apolar to the set 
(Proposition III). Besides Q will have this remarkable property, not hitherto 
laid down, that any form of lower order than © apolar to u,....u,, must neces- 
sarily be a polar form of Q. With other words, if ~ is a form apolar to u...-Up, 
of order n, + ..--+7”,,—m—N, where N is a positive integer, then a form g of 
order N will exist such that identically 


i. e, that y is the polar of g in respect to Q. 

To show this, let F' be a form of order n,+ ...- +”,—m—WN, f one of 
order N, and let all the coefficients of F and f be indeterminate quantities. 
The magnitude F’.f x Q is then a bilinear form F of the indeterminate coefficients 
of Fand f. Ifit is required that F. f x Q =0 while the set of coefficients of F 
remains arbitrary, then the set of coefficients of f will be subject to a certain 
number a of conditions which remains the same, if F and f change their roles 
in this. This is merely an expression of one of the elementary properties of 
bilinear forms. 

It follows then that the number of conditions imposed upon a form of order 
m+..-.-+n,—m—N, to be apolar to Q is the same as the corresponding number 
for forms of order NV. And the number of contragredient forms of order 
Mm+..--+n,—m—WN apolar to u,....u,, has the same value. Let this number 
be denoted by a. 

Exactly a forms g,....g, of order N will then exist, which are linearly 
independent and no linear combination of which belongs to the module (uw. . . . um), 
or, what is the same, is apolar tog. Let g represent an indeterminate form of 
this linear system. Then gXQ will never vanish, and will contain a indeter- 
minatae. But the linear system of forms of order n,+....+2,—m—WN apolar 
to u,.---U,» has the manifoldness a, and there is only one such system if two 
forms congruent modulo (w,...-.,,) are for this purpose considered equivalent or 
identical. Consequently the set gx Q represents that system; and if y is a form 
of order n,+-.--+”,—m—WN apolar to u,....u, then a form g will indeed 
exist so that Y= g X 

This theorem immediately leads to any number of geometrical propositions. 
Let us apply it, for inst., to the proposition concerning the 18 points (u,, u,), 
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(ug, 4%) through which more than 3 linearly independent quintics pass. A quintic 
will then exist apolar to us, m%. The of uw, uw, us is of order 
3+3+3—3=6. w being a quintic apolar to u,, u,, uz a linear form g exists 
such that ~P=yxXQ. But ux consequently X Q=O0, and 
u.g belongs to the modulus u,, uw, us. This shows at once that the 18 points 
(Uj, Up), (Ug, %) are on a quartic. 

If as a particular case 16 of the 18 points are the base of a pencil of quartics 
— when indeed the supposition will be satisfied —then the present proposition 
shows itself to be identical with the one announced previously. 

It would naturally not at all be difficult to draw similar conclusions for 
curves of higher orders or for forms of higher manifoldness. 

In this point the proposed method of calculating geometric configurations 
and the general theory of moduli meet. In all probability the connection 
between the two disciplines will grow much more intimate as the method will 
further develop. It is clear that equations of the type >u,.v,—= 0 with their 
A space adjoined are very apt to express the properties of systems of forms of 
certain orders which belong to two different modules simultaneously, which, for 
inst., contain two distinct irreducible or reducible geometric configurations. And 
from the preceding examples it is fairly evident that the proposed treatment of 
such equations yields results. 

It is true that only a few and perhaps rather simple examples have been 
discussed in what precedes. But the author may be excused if he points out 
that it would have been easy enough to extend the method much further and 
that the difficulty for him consisted rather in limiting the examples to such as 
would bring out, in a lucid and easy manner, some of the characteristic properties 
of the proposed method. 


York, May 8, 1906. 
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Groups Generated by n Operators Each of Which is the 
Product of the n—1 Remaining Ones. 


By G. A. MILuer. 


The case when n= 3 has recently been considered.* When n= 2 the 
groups are evidently cyclic and hence require no consideration in this connection. 


In the present paper we shall consider n > 3, and we shall first assume that the 
products of the m — 1 operators are independent of their orders and hence all of 


them must be commutative. Representing the m operators under consideration 
by 81, 8, ----+, 8%, we have by hypothesis, s, being any one of the m operators, 


that 
From the two equations 


it follows, by multiplying one into the inverse of the other, that any two of these 
n operators have the same square and, by direct multiplication, that the 2(n— 2) 
power of each operator is the identity. 

If we substitute for s,, s,, ....,8,_; the m— 1 independent transpositions 
++, there results a system of operators which satisfy the 
given conditions for every value of n >3. These n operators clearly generate 
the Abelian group of order 2"~' and of type (1, 1,1,....). From the given 
theorem it results that this is the only system of Abelian groups of type 


(1, 1, 1, ..-.) which may be generated by n operators satisfying the given con- 
dition, if we exclude the trivial case when the group is cyclic. By letting 
8, = 8, —=.... =8, it is clear that the cyclic group of order n— 2 might be said 


to be generated by operators satisfying the given condition. To avoid the con- 
sideration of such trivial cases we shall assume that no two of the n operators 
under consideration are identical. From this assumption and the given theorem 
it follows that no more than one of them can be of odd order, and if the order of 
one of them is an odd number the order of the others is twice this odd number. 


* Bulletin of the American Mathematical Society, vol. 13 (1907), p. 381. 
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Hence the theorem: J/ the order of one of the n operators 8, 8, .-++, 8, 18 divisible 
by 4, all of them have the same order. If this condition 1s not satisfied, either all of 
them have for their order the double of the same odd number or n— 1 of them have 
this order while the remaining one has the odd number for its order. 

As the operators s,, 8, ...-, 5, have acommon square and are commutative, 
we have the equations s?= 8%, s,s,;1 = 8718,, = 8, °=1. That 
is, each of these operators may be obtained by multiplying any other one by 
some operator of order 2. Hence all of them may be obtained by multiplying 
one by the identity and different operators of order 2. On the other hand, it 
may be observed that if (j= & and if t; =pt,, where p? = 1, it is necessary that 
t,t,=t,t,. For, as the second equation near the beginning of this paragraph 
does not imply that s,s,—= s,s, it follows that ¢,¢7'=¢;'t,, orp=t't,. Hence 
tt B= ty From this it results that the com- 
mutator of ¢,, f, is the identity and hence these operators are commutative. We 
have thus arrived at the theorem: The necessary and sufficient condition that two 
different operators which have a common square are commutative ts that one is the 
product of the other into an operator of order 2. 

From the preceding paragraph it follows that the n operators under con- 
sideration may be represented as follows: 8), 51, Where 
Piy Po» Tepresent 1 different operators of order 2 which are com- 
mutative with each other and with s,. Since 


8) = 0181+ *Pn—1 51 = P2- 


and = 1, it results that p,p,....p,. = sj. The n commutative operators 
si, 1, Pe» ---+» Pn—1 must therefore have the property that each of them is equal 
to the product of all the others. When the — 1 operators ,, 
have the same property. As the group generated by s,, s,, ...., 8, is identical 
with the one generated by 8, 9), po,-.--, Pr1, We have the interesting theorem: 
If a group G is generated by n commutatwe operators such that each is the product 
of all the others, then G is the direct product of a cyclic group whose order divides 
2(n— 2) and an Abelian group of order 2° and of type (1, 1, 1,....). Moreover, 
any such direct product may be generated by n operators which satisfy the given 
condition. 

While n— 2 of the operators 9,, p2,..-.,Pn—1 can always be replaced by 
independent transpositions, as was observed in the second paragraph, it may be 
possible to replace them by operators which generate a much smaller group. 
For instance, when n = 2° and s{~* = 1, it is possible to replace all of them by 
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the operators of order 2 in the Abelian group of order 2° and of type 
(1,1,1,....). Ifs?>*—1 and n= 2° —1, they may be replaced by n — 1 of 
the operators of the same Abelian group, while s, may be so chosen that its 
(n — 2)™ power is equal to the remaining operator of order 2. In each of 
these cases the order of G is either 2° or 2°! into the order of s,. 


Non-Abelian Groups. 


When the n operators s,, s,,...., 8, are not supposed to be commutative, it 
is generally possible to select them in such a way as to satisfy the condition 
expressed in the heading of this article and to generate any one of a large number 
of different types of groups. This is especially true when n > 4, as will appear 
in what follows. It is, however, possible to establish a few general theorems of 
interest, and to exhibit many fundamental properties of the possible groups when 
n= 4, by means of elementary considerations. One of these theorems may be 
stated as follows: Jf the n operators 8,, 8,,...., 8, are arranged cyclically and the 
product of uny n — 1, in order, is equal to the remaining one, then all of them have 
a common square. 

The proof of this theorem follows almost directly from the defining equa- 
tions; for the two equations 

imply sy!s, = s,s,’ and hence s;,= sj. Similarly we may prove that sj= 83, 
etc. Moreover, it results that 
and this includes a second proof of the fact that the 2(x— 2) power of each 
operator is the identity whenever the n operators are commutative. 
If s,, 5,....,6, are any n different operators of order 2 which satisfy the 


condition 

(A) 
it follows that . . > 8.3 = 8; @= 1, 3,.... ,n. That is, the pro- 
duct of any n— 1 of them in order is the remaining one. Of 5 5 the operators 
of (A) may be so chosen as to generate any symmetric group whose degree 
exceeds a given number (m—1). To prove this statement it is only necessary 
to observe that s,, s. may be so selected as to generate the dihedral group of 


order 2p, mS p> oe and p being prime, according to the well-known theorem 


due to T'chébycheff. Hence it is possible to choose the three operators (6), s2, 63) 


fi 
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of order 2 so that they generate a transitive group of degree m involving nega- 
tive substitutions. This must be the symmetric group, since it involves the 
cycle of order p and such a cycle cannot occur in any non-symmetric and non- 
alternating primitive group unless its degree is p, p+1, or p+2.* If mhad one 
of the last three values it would Le easy to select 8,, s,, s; so that the primitive 
group generated by them would involve a transposition. This completes the 
proof of the statement in question, since it is only necessary to find an operator 
of order 2 which transforms s, s,s; into its inverse in order to find the five 
operators of order 2 such that 8, 8. 835,5,—= 1. 

From the preceding paragraph it is clear that the number of different types 
of groups that may be generated by 8,, 8,....,8,(n > 4) is so large as to make 
it questionable whether it is desirable to endeavor to give an enumeration of all 
the possible types. When n= 4 the matter becomes comparatively simple, and 
hence we restrict ourselves to this case in what follows. From the equations 


8; 82 83 84, 82 8384 —= 8), 83848) = 83, 84 8 8. 83 
we obtain 
Since s;, s, transform s,s," into its inverse,t they must also transform s,s, into 
its inverse. That is, the product of any two of these operators, taken in cyclical 
order, is transformed into its inverse by each of the other two. We shall now 
consider the group (#) generated by the two operators 


—1 
8963. 


Each of these operators is transformed into its inverse by s,, and s;! transforms 
8, 8,1 = 8; 53 into 63 = 5,53'.83. That is, transforms s,s;! into 
8, 8;1.8$. Since s$ is invariant, it follows that }|s, 5)’, s,s;1| is metabelian and its 
commutator subgroup is the cyclic group generated by s3. When the common 
order of 81, 8, 83, i8 either 2 or 4,48, is Abelian and the group 
generated by s;, 8, 8, 6, may be obtained by extending H by means of an operator 
of order 2 or 4 which transforms each operator of H into its inverse. In this 
case H is either cyclic or the direct product of two cyclic groups. | 

When 7 is cyclic G may be any dihedral group whose order exceeds 6, 
since any such group is generated by four operators of order 2 which satisfy the 
condition (A). In fact, the two remaining dihedral groups can be generated by 


* Bulletin of the American Mathematical Society, vol. 4 (1898), p. 140. 
y Archiv der Mathematik und Physik, vol. 9 (1905), p. 7. 
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four operators satisfying (A) if it is not implied that all the operators are distinct 
and that none of them is the identity. Hence the theorem: Every dihedral group 
may be generated by four operators, each of which 1s a product of the other three. 
When the order of this dihedral group exceeds 6, it may be assumed that the 
four operators are distinct. By dimidiating* any two dihedral groups with 
respect to the cyclic subgroups of half their orders we obtain a group @ which 
may be generated by four operators of order 2, each of which is a product of the 
other three. If sj, s; and respectively are generators of the dihedral groups 
in question, each of these operators being of order 2, the four generators of G 
8; 81 84’, 8 8;' clearly satisfy the conditions imposed on 5), 8», 83, 
Hence it follows that every group which may be obtained by extending the direct 
product of two cyclic groups by means of an operator of order 2 which transforms 
each operator of this direct product into its inverse may be generated by four operators 
of order 2, each of which is a product of the other three. 

When # is an Abelian group of even order, it is well known that we can 
construct a group G of twice the order of H by adding operators of order 4 
which transform each operator of H into its inverse and have a common square. 
If H is cyclic and not of order 2, it is easy to find four such operators, each of 
which is a product of the other three. The smallest of these groups is the 


quaternion, and the four operators 7, k, —7, —k clearly satisfy the conditions 
jk.—j=—kh, k.—j.—k=yj, —j.—k. —k.j 
When # is the direct product of two cyclic groups, G may be constructed by 
dimidiation just as in the preceding paragraph; and if s{, sf and sj’, sj/ are the 
generators of order 4 of the constituent groups, G may clearly be generated by 
8; 8;', 8; 8, 8 and these satisfy the condition that each is the product 
of the other three in cyclic order. The results of this and the preceding paragraph 
exhaust the possible groups when # is Abelian and includes sj. That is, if the 
order of s,is 2 or 4 and if s,, 8, 83, 5, are such that the product of any three, 
in a given cyclic order, is the fourth, then they generate one of the groups con- 
sidered in this and the preceding paragraph whenever sj isin H. If sj is not in 
the Abelian H, s, is necessarily of order 4 and it is necessary to extend H by 
means of an operator (s7) of order 2 which is commutative with all its operators. 
The remaining operators of G transform each operator of this extended H into 
its inverse and have a common square. Moreover, every such extended H will 
give rise to one G which is generated by four operators of order 4 satisfying the 


* Cayley, Quarterly Journal of Mathematics, vol. 25 (1890), p. 71. 
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conditions imposed on 83, 8. Hence when is Abelian G may be obtained 
by extending an Abelian group which has at most three invariants (if its maximal 
invariants are chosen) by means of an operator which transforms each operator 
of this Abelian group into its inverse. 

It remains to consider the groups when H is non-Abelian. It has been 
proved that such an H is metabelian, contains a cyclic commutator subgroup, 
is invariant under G, and that the order of G is either twice or four times that 
of H. Moreover, the two generators of H (8, 5:1, s,s8;1) are independent of the 
commutator subgroup of H. That is, neither of these operators generates any 
commutator besides the identity, since such commutators are generated by sf, 
and s? is invariant under G while s, transforms both s, sy! and s, s;! into their 
inverses. The orders of s, sy' and 8,83! are divisible by the order of s{, and each 
of the operators 8, 8, 83, 8 is of even order. The last statement follows from 
the fact that if s, were of odd order it would be commutative with s., 53, ,, since 
they have the same square. Hence it would also be commutative with s, s;', 
8,8; and the orders of these operators could not exceed 2. These operators 
would therefore be commutative, since s{ could not be of order 2. This proves 
the theorem: Jf the n operators s,, 8, ..++, 8, are arranged cychcally and the 
product of any n—1, in order, is the remaining one, then all are of even order 
when n< 5. 

From the preceding paragraph it follows that H may be constructed by 
extending the direct product of two cyclic groups, which are such that the order 
of the one is a divisor of the order of the other, by means of an operator which 
is commutative with the generator of one of these groups and transforms the 
generator of the other into the product of the two generators. It follows that 
the order of the extending operator is also divisible by the order of the invariant 
generator. Moreover, any such group can be used for H, since the two generating 
operators in question may be replaced by s{ and s, sy’, and the extending operator 
may be replaced by s,8;’. It is then possible to find an operator which has the 
properties imposed on s,, since it is possible to establish a simple isomorphism 
of H with itself in which s{ corresponds to itself and each of the operators s, sz}, 
s. s;/ corresponds to its inverse. The last statement follows from the fact that 
83 8, transforms s,s;! into and transforms s, into s{.s,s,1. As 
the quotient group G@/#H is cyclic and of order 2 or 4, it is easy to construct 
all the possible G’s for any particular H. It may be observed that the prop- 
erties of all of these groups are somewhat similar to those of the dihedral type. 
In particular, all of them are solvable. 


Concerning Systems of Conics Lying on Cubic Quartic 
and Quintic Surfaces. 


By C. H. Sisam. 


INTRODUCTION. 


Although the properties of algebraic ruled surfaces have been extensively 
studied, and the classification of such surfaces through the sixth, and, in some 
cases, for higher orders, has been exhaustively carried out; yet, excep‘ for 
certain surfaces generated by circles, such as surfaces of revolution and annular 
surfaces, and for surfaces containing a doubly infinite system of conics; i. e., the 
Steiner surfaces, the properties of surfaces yenerated by systems of conics has 
received little consideration. To determine some of the properties of certain 
of those surfaces and of the systems of conics lying on them is the object of 
this paper. 

Among the leading articles dealing with this subject which have appeared, 
I may mention Koenigs’* paper on surfaces multiply generated by conics, also 
Stuyvaert’st paper on the properties of systems of conics determined by the 
condition of intersecting given fixed curves. Bertinit and Nugteren§ have 
considered special cases of the problem considered by Stuyvaert. Emil Weyr|| 
has considered the problem of constructing the tangent planes to a surface along 
an arbitrary conic of a system lying on it. 


* «Determination de toutes les surfaces plusieurs fois engendrées par des coniques.’’ Annales de L’Ecole 
Normale Superieure, Series 3, No. V. 

+ ‘Etude de quelques surfaces algébriques engendrées par des courbes du second et du troisi¢me ordre.” 
Dissertation, Gand, 1902. 

} ‘*Sulle curve gobbe razionali del quinto ordine’’ in the Collectanea Mathematica in memoriam D. Chelini 
Mediolani, 1881, pp. 313-326. 

§ «Rationale Ruimtekrommen van de fijde Orde.’’ Dissertation, Utrecht, 1902. 

|| ‘‘Zur Theorie der Flachen, welche eine Schaar von Kegelschnitten enthalten.”’ Monatshefte fiir Mathe- 
matik und Physik, Vol. II. 
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I. On the system of tangent planes along a conic. 


The parametric equations of any surface containing a system of conics can 
be put in the form: 


Xi = (u) + 209g; (u) + (u) 1=1, 2, 3, 4. 
The tangent plane to the surface at any point (w, v) is: 


Xi X2 XA 
6, + + 
d + vp, to 
A+ H+ B+ 20g +0 H+ 2g 


in which 6;, @; and Jj denote derivatives with respect to wu. 

This equation is of fourth degree in v. Hence, in general, the tangents to 
the surface along a fixed conic u= const. form a developable of class four. This 
developable has the plane of the given conic for double plane. For it is easily 
seen that, at each of the points of intersection of the given conic with the plane 
of the consecutive conic u + du, the plane of the given conic is tangent to the 
surface. 


If, however, for all values of u, this developable reduces to one of class three, 
then for some value of v the minors of 7, y% %3 and y, in the above determinant 
must all vanish. This value of v ia, in general, a function of wu, say v= /(u), 
but on replacing v by v+/(u), we may, without altering the form of the 
equations of the surface, reduce this value to v= 0. Suppose this done. 
It then follows that 

0, 9, 4, 

Po Ps 

for all values of w. 


It is thus seen that the surface belongs to one or the other of two classes : 


a,. The conics all pass through a fixed point. 
a,. The conics all touch a fixed curve. 


The equations of a surface of the kind a, may be written in the form: 


9, + 200+ ‘= 1, 2, 3, 4. 
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The analogy of the surfaces a, to cones and of the surfaces a, to developable 


surfaces is at once evident. 

To the curve: 

Xi — 9; (u) += 1, 2, 3, 4 
which is touched by all the conics of the system on a surface a,. Darboux has 
given the name of ‘‘edge of regression.” The analogy to the edge of regression 
of a developable is obvious. It is, in general, a double curve on the surface. 
Indeed, the only surfaces on which it is not nodal are easily seen to be those 
through each point of which pass two conics of the system. Koenigs* has shown 
that the only surfaces through every point of which pass two conics of the system 
are those which contain adoubly infinite system of conics; i. e., the Steiner surface 
and its degenerate cases, the ruled cubic, quadric and plane. 

In the determinant equation of the tangent plane, the minors of 4, y, x3 
and y, may all contain a common factor quadratic inv. The tangent planes 
along an arbitrary conic then envelope a quadric cone. This happens when the 
surface belongs to one of the following classes: 

b,. The conics all pass through two fixed points. 

b,. The conics all pass through a fixed point and touch a fixed curve. 

b;. The conics all touch a fixed curve (which may be either proper or com- 
posite) at two points. f 

b,. The conics all have contact of the second order with a fixed curve. 
In the case of the surfaces b, the quadratic factor common to the four minors is 
the square of a linear factor. The equations of such a surface may be written 


in the form: 
+ + + 06; + 56) 


a and } being constants. 
All the conics have three point contact with the curve: 


ui = 9; (u) im 1, 43,4 


This curve is, in general, triple on the surface; at each of its points the 


* Loc. cit. 
+ Enneper writing in the Zeitschrift fiir Mathematik und Physik, in 1869, and, following him, Cosserat 


in the Annales des Faculté des Sciences de Toulouse, in 1889, have inferred that the tangents along a conic 
may envelope a quadric cone when the given conic meets the consecutive conic at only one of its intersections 
with the plane of the latter. Since, however, the plane of the given conic would have to be tangent to the 
surface at the second intersection, the developable of tangents would have to be of third class. 
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three tangent planes coincide. No surface of this kind is of order low as five. 
A simple example of such a surface is: 


+ 44 Xs)” = 0 
on which the twisted cubic: 
= 0 13—%1%3 — 0 
has three point contact at each of its points with a conic in the plane: 
+ y= 0. 


Since a conic is not completely determined by the conditions of having 
contact of first or second order with a given curve at a given point, the curve 


Xi = 9; (u) += 1, 2, 3,4 


may have contact of the first or second order at each of its points with several 
conics of the system. Thus, the line 7, = y= 0 on the surface, 


Hike Hs + t+ Mi + = 9, 
is touched at each of its points by two conics of the system lying in the pencil of 


planes through the line. 
Similarly, on the surface: 


Hi He Xa)” + (X3— He Ha)” + 3 He Xa)” (XE — Ha)" 
+ X4(%2—M Hs)” = 9, 
the twisted cubic: 
=9 
has contact of the second order at each of its points with two conics belonging 
to the same system. 

It will presently be shown that, in general, on a surface generated by conics 
there are points through which pass two consecutive conics. These points may, 
by analogy with the corresponding singularity on ruled surfaces, be called pinch- 
points. As in the case of ruled surfaces these points are uniplanar points. Along 
a conic passing through a pinch-point, the developable of tangents reduces to 
class three. The condition for such a conic is, therefore, that, for a particular 
value of u, the determinant given on page 100 reduce to one of third degree in v. 

There exist, also, surfaces on which discrete conics meet the conics consecutive 
to them in two points or which meet two consecutive conics in a uniplanar triple 
point. The tangents to the surface along such a conic envelope a quadric cone. 
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Finally, two (or more) consecutive conics may be coplanar. The plane of 
such a conic touches the surface all along the conic. 


Il. On the determination of the properties of surfaces containing unicursal 
systems of conics. 
In the equations 
Xi = 9, (u) + 209, (u) + (u) i= 1, 23,3, 4 
the expressions 0,;(u), ¢,(u) and ,(w) may, when the system is unicursal, be 
taken to be polynomials in wu. The conics therefore lie in the planes of a develop- 
able whose equations may be put in the form: 


m (m— 


in which — as throughout this paper — Z, = 0 is the equation of a plane. They 
also lie on the surfaces of a system of quadrics of the form: 


Qu" +n + + = 9, 
Q; = 0 being the equation of a quadric surface. 

Any conic of the system is the intersection of the plane and quadric deter- 
mined by the same value of u. The surface on which the sytem lies is found by 
eliminating w between the two equations. Its order, YY, is, in general, 2m + n. 
When, however, any plane is a component of its corresponding quadric the order 
of the surface is reduced. If, in this case, 2m, then the system of quadrics 
can be replaced by one of lower degree in uw. For, let w= 0 be the value of u 
for which the plane is a component of the quadric. This is no further restriction 
on the system. We then have: 


On multiplying the first equation by Z/ and subtracting, then dividing the 
resulting equation by uw, the required system is obtained. We may, therefore, 
without loss of generality, suppone one or the other of the relations 


M=2m+n or n<m 
satisfied. 
At any point of the nodal curve of the surface defined by the system, there 


are two values of uw for which both equations of the system are satisfied. The 
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nodal curve is therefore determined by the conditions that those equations have 
two common solutions. 
At a pinchpoint the two common solutions of the given equations are equal. 
At such a point, therefore, in addition to the equations defining the system, 
we have: 
+ (m— 1) L,u™* + ........ +L, = 0 
Q, + (n — 1) Qu? + .......- 


Since this is only four conditions on w and the three ratios of the coordinates of 
a point, there exist on the surface, in general, a finite number of pinchpoints. 
When a curve is enveloped by the conics of the system every point of it is a 
pinchpoint. The edge of regression, when it exists, is, therefore, determined by 
these four equations. 
When, at any point, the above four equations are satisfied and also 
L,u™* + (m —2) + ........ 20 
Q, u"? + (n — 2) + ........ 
then three consecutive conics meet at that point. When these six equations are 
satisfied at every point of a curve, then that curve has contact of the second order 
at each of its points with the conics of the system. 
The condition that two consecutive conics be coplanar, is that, for some 
values of u, the planes: 
L, uw" + (m—1) Lou™? + +i,=0 
be identical. 
Three consecutive conics will be coplanar if, in addition : 
DL, u™ + (m — 2) + + = 0 
is identical with each of the other two; and similarly for any number of con- 


secutive coplanar conics. 
There may exist on the surface certain nodal straight lines which are not 


determined by the condition that the equations of the system have two common 
solutions. Let, for example: 

Qn+1 = + L" 

Qu + LL + Ly 
Then LZ’ = L,,,,; = 0 is a double line on the surface, although at an arbitrary 
point upon it the equations of the system have only one common solution. 


a 
. 
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a. Systems of conics on cubic surfaces. 


The residual intersection of the plane of any conic with the surface is a 
straight line. Similarly, an arbitrary plane through an arbitrary straight line 
on the surface meets the surface in a conic. When the surface is not ruled, 
therefore, there exist on it twenty-seven systems of conics in the planes through 
the twenty-seven lines. The equations of any one of these systems may be 
written in the form: se 


Q = 0. 
The equation of the surface is then: 
L, Q, — L, = 0. 
When the line Z, = Z, = 0 meets the twisted quartic curve Q, = QY, = 0, all the 
conics pass through a fixed point. This point is then a node on the surface. 
Conversely, the conics in the pencil of planes on any line through a node all pass 
through the node. It follows that the class of the developable of tangent planes 
along any conic is reduced by unity for every node through which the conic passes. 

When the cubic is ruled, an arbitrary tangent plane meets it in a rectilinear 
generator and aconic. There exist, therefore, on the surface, a double infinity 
(0 *) of conics; namely, those in the double infinity of tangent planes. The planes 
of any developable of tangents to the surface cut from the surface a system of 
conics. This system of conics is of the same genus as the developable, for the 
conics of the system are in one to one correspondence with the planes of the 
developable. On the ruled cubic, therefore, there exist systems of conics of 
every genus, whereas, on the unruled cubic, the only possible systems are 
unicursal. 

The tangent planes to the ruled cubic along any conic lying on it form a 
developable of class three. All the conics lying in the planes of any developable 
of tangents and which do not all pass through a fixed point must, therefore, 
touch a fixed curve. It will be shown in the case of the Steiner surface, of which 
the ruled cubic is a particular case, that any curve whatever on the surface is 
touched by a system of conics provided only that the parametrically corresponding 
curve is the envelope of a system of lines. 

There are only two systems of conics on the ruled cubic along which the 
tangents to the surface envelope a quadric cone. These are the systems through 
the torsal generators. The conics of each system have two consecutive common 
points at the pinchpoints. 
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b. Unicursal systems lying on quartic surfaces. 
1. Developable of planes form a linear pencil. 
The equations of the system are: 

L,u+ L, = 0, 

+2Qu+ 0. 
The equation of the surface is, therefore : 

Q, — 2Q, L, L, + Q; Li = 0. 

The nodal curve is the line Z;= Z,=0. The surface may also have one or two 
additional nodal lines obtained by the method shown on page 104. These lines 
necessarily meet L,—= Z,=0. When the surface has one additional nodal line 
it is a special case of the quartic surfaces having a nodal conic and therefore also 
has on it systems of conics whose planes envelope quadric cones. When the 
surface has two additional nodal lines, it is either ruled or a Steiner surface 
according as these two lines do not or do intersect. 

The four intersections of the line with the surface — VY, Q; = 0 
are the pinchpoints of the system. In the cases where the surface contains other 
systems of conics, these other systems may determine pinchpoints through which 
do not pass two consecutive conics of this system. 

All the conics of the system may touch the line Z,=LZ,=0. This happens 
when, for all values of wu, the quartic curve 

Mut 

+ Qs; = 0 
meets that line. The line Z,—=Z,—=0 is then the edge of regression of the 
surface for this system of conics. 


2. The planes of the conics envelope a quadric cone. 
The equations are of the form: 
[w+ 2L,u+ L,=0 
L, + = 0. 


The nodal curve is the intersection of the surfaces: 


L,=0 Q. = 0. 
It is either a proper conic or two intersecting straight lines, either distinct or 
consecutive. Conversely, any quartic surface whose complete nodal curve is of 
any of these three kinds has on it a system of conics of the above form. When 


~| 
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however, the nodal lines are skew, either distinct or consecutive, the surface is 
ruled and has on it no system of conics. 

The surface may have one additional nodal line. It is then ruled or a 
Steiner surface according as the nodal conic is not, or is, composite. 

Whenever the nodal conic is not composite it may be projected into the 
absolute. The surface is then a cyclide. All of these surfaces, therefore, whose 
nodal conics are not composite are projections of the cyclides. 

The pinchpoints of the system are the four intersections of the nodal conic 
L,=Q,=0 with the cone Z3—L,L;=0. The surfaces for which the nodal 
conic is the edge of regression of the system may be determined by putting: 


When LZ, =0, Z,=0 and Z;=0 all contain the same line, the developable 
of the planes of the conics reduces to a linear pencil counted twice. Two conics 
of the system are here coplanar with the conics consecutive to them. The 
equations of such a system may be reduced to the form: 

Luv’? + L,= 0 
L, + = 0. 


All the conics of the system pass through the two points Z,= Z,= Q, = 0. 
Conversely, if two conics of any system on a quartic which is not a Steiner 
surface lie in the same plane, then all the conics pass through two fixed points 
and, if the system is unicursal, its equations can be put in the above form. When 
the surface is a Steiner surface, however, this theorem is not true, since two conics 
of the same system may pass through every point of such a surface. 

When the planes of the conics form a cubic developable the surface is either 
a ruled quartic or a Steiner surface, since the nodal curve is a cubic. 


3. Systems of conics on ruled quartics. 

The ruled quartic is the ruled surface of highest degree having on it a system 
of conics. Both the system and the surface must be rational. 

The planes of the system must either form a linear pencil, or touch a quadric 
cone or form a developable of class three. In the first case the surface has two 
nodal rectilinear directrices and the axis of the pencil is a double generator. 
In the second case the nodal curve is a rectilinear directrix and a proper conic. 
In the third case the nodal curve is either a triple rectilinear directrix or a 
double cubic. 

15 
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The conics can touch a curve on the surface in two cases only; first, when 
their planes form a linear pencil about a cuspidal generator and, second, when 
the nodal curve is a proper cubic and the surface is itself developable. 


4. Systems of conics on the Steiner surface. 


The intersection of any tangent plane with the surface is a quadrinodal quartic 
and therefore breaks up into two conics. The developable of tangents to the 
surface along any such conic can not be of more than third class; for if it were 
of fourth class the plane of the conic would have to be a double tangent plane 
to the surface. The conics of any system, therefore, which is chosen so that the 
conics do not all pass through a fixed point, all touch a fixed curve. 

It is well known that the equations of the surface can be put into the form: 


fe ¢==1,3,3,4 
the points of any line: aut Boty=0 


in the (u, v) plane correspond the points of a conic on the surface. To any curve 
on the surface corresponds another curve 

F (u,v) = 0. 
The system of tangents to F=0 determine on the surface a system of conics 
touching the corresponding curve. Hence, any curve on the surface such that 
the corresponding curve in the (u, v) plane is the envelope of a system of lines is 
itself the envelope of a system of conics. 

No curve on the surface is either osculated or touched twice by a system of 
conics since the corresponding curve # = 0 can not be osculated or touched 
twice by a system of lines. 

c. Quintic surfaces. 
1. The planes of the conics form a linear pencil. 
The equations of the system are of the form: 
Lu+ L,= 0, 

The nodal curve is the triple line Z,=L£,=0. The surface may have 

one or two additional nodal lines under the conditions mentioned on page 104. 


It can not have three double lines because a quintic surface with a nodal curve 
of order six must be ruled* and a ruled quintic can not have on it a family of 


* See Picard in Crelle’s Journal, Vol. 100. 
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proper conics. When the surface has two double lines it contains another system 
of conics, whose planes form a developable of class three. The double lines may, 
in particular, be consecutive with each other or with the triple line. 

The eight pinchpoints of the system are the intersections of the line 
L, = L,=0 with the envelope of the system of quadrics. All the conics of the 
system will touch the triple line when, for all values of u, the quartic curves: 


+ 2Q,u + = 0 

Q, +2Q;u+ Q,=0 
meet that line. Two tangent planes will then coincide at each point of the triple 
line, the third being torsal along the line. 


2. The planes of the conics envelope a quadric cone. 
The equations of the system are: 
[w+ 2L,u+ L,= 0, 
+ Y= 0. 
The nodal curve is the (proper or composite) quartic curve Q, = Y,=0. The 
surface may also contain an additional nodal line under the conditions mentioned 
on page 104. 

The eight pinchpoints of the system are the intersections of the nodal quartic 

with the cone 
L,L,= 0. 

Any curve which is enveloped by all the conics of the system lies on each 

of the quadrics : 
9, Q, = 0, — L, L; = 0. 
The component so enveloped may be either a conic or a cubic or a quartic curve. 

The nodal curve may also be touched twice by all the conics of the system. 
When this happens we may, without restricting the surface, put Q, = 3 — L, L;, 
Q, being arbitrary. The curve thus enveloped is, in general, a quartic; but it 
may break up into two conics each of which is touched once. 

As in the corresponding case of quartic surfaces, the system of planes of the 
conics may degenerate into a linear pencil, each plane of which contains two conics 
of the system. Two conics of such a system are coplanar with the conics consecu- 
tive to them and the equations of the system may be put into the form 

+ L,=0, 
0. 


i 
i 
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3. Developable of the third class. 
It will be convenient to distinguish two cases. First, let 


Lw+3ifL,w+ 38L,u+ L,= 0, 
L,L;u+ = 0. 


(The case in which the family of quadrics is of the form: 


(32,1, — Ly) u+ L, L, = 0 
is a sub-case of the above.) 

The line ZL; = LZ,=0 is a triple line and = 2,=0, L,=L;=0 are 
double lines on the surface. The surface therefore also contains another system 
of conics; namely, those in the pencil of planes through the triple line. 

The system has eight pinchpoints: the four intersections of Z; = Z,=0 with 
the envelope of the system of planes, the two points L,—=L1,=313;—4L,1,=0 
and the two points 1,=L,=313—4£,£;=0. It can not envelope a component 
of the nodal curve for the surface enveloped by the planes: 


Lw+3Lw+3Lu+L,=0 


can not have a rectilinear directrix. 
The other systems are those of the form: 
(L, — I) +- (L; — L,) U + 0, 
L, Ly + + L, — L, L, — L, Ls] U L, L; = ©. 


By combining these two equations we obtain: 

DL, + (Ly, L; — L, L; — L, Ly) u + L; + L, L; — (L, + L;) L; = 0. 

At any point of the nodal curve the two quadratic equations have two 
common roots. The nodal curve is thus seen to be the intersection, other than 


L, = of 
L,L,=L1,L,+ L,L,, 


LD; LL, + L, Li = L, L3 + (L, + £;. 


It is a quintic curve with a triple point at L.=L,—=L,=0. This nodal quintic 
may decompose into a quartic with a node at L,= L,= L;=0 and a straight 
through the node meeting the quartic again, or into a cubic and two straight lines 
both meeting the cubic at the same point and each meeting it again or into a conic 
and three concurrent lines each meeting the conic. | 


| 
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In each case where the curve is composite, a pencil of quadrics can be passed 
through the entire nodal curve exclusive of one nodal line. The residual inter- 
sections of such a system of quadrics with the surface is a system of conics whose 
planes envelope a quadric cone. 

The system has eight pinchpoints. One conic of the system may be coplanar 
with the conic consecutive to it. The developable of the planes of the conics 
. must then degenerate into a cone of third class. 

The conics can not envelope the nodal curve. To see this first consider the 
case of a proper quintic. The conics can not be doubly tangent to this quintic, 
for if they were, each generator of the envelope of the planes of the conics would 
have to be a bisecant of the quintic. This is impossible, for of the two inter- 
sections of each generator of that developable with the cone, 


L, = L;, + Ly 


on which the quintic lies, at least one must lie on the residual curve of intersection 
of the surfaces. It follows that the conics do not envelope the quintic at all. 
For, the two conics through an arbitrary point of the quintic would be consecu- 
tive, yet each conic would have to meet on the quintic two conics not consecutive 
with it. When the quintic breaks up into a quartic and a line, a similar proof 
holds for the quartic. The line can not be enveloped since it is met by each 
conic but once. 

When the quintic breaks up into a cubic and two straight lines, we may take 
these lines, since they intersect, for fundamental lines and a point on the cubic 
for fundamental point in a quadratic-quadratic Cremona transformation which 
transforms the surface into a quartic surface and the system of conics into a 
system of conics. If the original system touched the cubic, the transformed 
system would touch the conic into which the cubic is transformed. When, 
however, the inverse transformation is performed on such a system of conics on 
a quartic, the planes of the conics are seen to envelope a surface of class two 
instead of class three as here supposed. 

The case of a nodal conic may be disposed of like that of a nodal cubic. 
The nodal conic may, however, be a cusp locus on the surface. When this 
happens, all the conics of the system meet this conic in a fixed point and the 
conic is nodal because two conics of the system coincide with it throughout. 


| 
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III. Systems of genus greater than zero. 


Any algebraic system of conics is determined by three equations of the form: 


L, + L,u + Lgv + == 
fn (u,v) = 0 


wherein u and v are parameters and f, (u, v) is a polynomial in uw and wv of 
degree nm and with constant coefficients. To each point on /, = 0, considered 
as a curve in the (u, v) plane corresponds a conic of the system and conversely. 
The genus of the system is, therefore, equal to that of f,= 0. Since the genus 
of the system is supposed greater than zero, we must have n 2 38. 

If the equation determining the planes of the conics is considered as the 
equation of a curve in the (wu, v) plane which meets f, (wu, v) = 0 in m points 
and if the equation of the quadrics, similarly considered, determines a curve 
which meets f, =0 in m’ points, then the order of the surface determined by 
the system is, in general, 2m + m’. 

For certain pairs of values of uw and v the corresponding quadrics will be 
composite. When such a point (u, v) lies on f,=0, and when the corresponding 
plane coincides with a component of the quadric, then the equation of the plane 
is a factor of the equation of the surface. As in the unicursal systems, when a 
plane is a component of its corresponding quadric, the equation of the system of 
quadrics may frequently be reduced. | 

It is usually true that only one conic of the system lies in an arbitrary plane 
of its developable. We may then take two of the non-homogeneous point 
coordinates of the planes for wu and v. Since the coordinates (a, 0, vy) of the 
planes of the developable satisfy the equations: 


_ F(a, 8) 
| (a, B) Sin ( 8) 0 


it is seen that the equation of the planes of the conics may, in this case, be written: 


L; + Lu +- Ls v + L, == 0. 
m—1 


At an arbitrary point of the nodal curve of the surface determined by the 
system, there are two pairs of values of (u, v) which satisfy the three given 
equations. The nodal curve is, therefore, determined by the condition that the 
three equations determine two common points in the (u, v) plane. 
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The pinchpoints are determined by the condition that the three given curves 
touch at a common point. This is five conditions on the five quantities uw, » and 
the ratios of the coordinates of a point. The system has, therefore, in general, 
a finite number of pinchpoints. When, at a point, a conic meets two consecutive 
ones, the corresponding three (u, v) curves have contact of the second order at a 
common point. A curve which is touched by all the conics of the system is 
therefore determined by the condition that the three (u, v) curves touch at a 
common point; and one which has contact of the second order with all the conics, 
by the condition that the three (u, v) curves have contact of the second order. 

Additional nodal right lines, through an arbitrary point of which passes 
only one conic of the system, may arise as in the case of unicursal systems and 
under similar conditions. 

When a point (wu, v) is a double point of f, (u, v) = 0, the corresponding 
conic is, in general, a double conic on the surface. Moreover, if the multiple 
point is a cusp, the conic is a cusp locus, if the multiple point is a tacnode two 
sheets of the surface touch along the conic and similarly for higher singularities. 
This is seen by putting: 


uU— Uy = 


and determining the form of the surface in the neighborhood of the conic ¢ = 0. 

When, as is the case in the surfaces in which we shall be interested, the first 
two of the three given equations are linear in wu and 2», it is obvious that, at any 
point of the nodal curve other than that determined by multiple points of 7, =0 
and the right lines mentioned above, these two lines in the (u, v) plane must 
coincide. The nodal curve is, therefore, determined by the equations: 


Qs 


It is, in general, of order seven and of multiplicity x on the surface. 


a. Quartic surfaces. 


The system of conics: 
L,+uL,=0 


(ay + ov ub t+ (av? + 8+ (Qv’t+ 


determines a quartic surface. The system is of genus one, and the surface has 
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no nodal curve, unless f, = 0 has an additional double point, in which case the 
genus of the system is reduced to zero. In each plane of the pencil: 


[,+uL,=0 
lie two conics of the system which touch at each of the points: 
L, = L, = Q, = 0. 


These points are tacnodal points on the surface. For four values of wu the 
coplanar conics are consecutive. These four values of u are determined by the 
four tangents to f, = 0 which are parallel to the v axis. 

On the Steiner surface are systems of conics of any genus whatever, lying in 
the planes of the developables of tangents to the surface. 


b. Quintic surfaces. 


The system of conics satisfying the equations: 


L,+uL,=0 
Li =0 
(aq + byv + + (a, + bv + ub + + v) + (a3 + 


= 0 
lies on a quintic surface. Two conics of the system lie in each plane of the pencil: 
[, + uL,=0 


and touch at each of the tacnodal points: 
L, = L, = Q = 0. 


The system is, in general, of genus two, but the genus may reduce by the 
appearance of additional double points in f,, (u,v) = 0. The surface has no nodal 
curve when the system of conics is of genus two, but, with decreasing genus, it 
has one or two nodal conics. These nodal conics may be cuspidal, consecutive, etc. 

The number of consecutive coplanar conics is, at most, six. 


The system of conics 
L,+uL,=0 


L, Ls + v = 0 
(ay + + + be +e) + + bv)u+av = 


is of genus one and lies on a quintic surface. 
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The conic Z; = Q, =0 is nodal, or, in particular, cuspidal, on the surface. 
The surface may have an additional nodal line. Z,—= Z,=0 is such a line when: 


a,=0 Q, = Li + L, Ls BL, 
where « and # are constants. 
The two conics in an arbitrary plane 
L, + uL,=0 
meet twice on the nodal conic and also at each of the points 
L, = L, = Q, = 0. 


Four conics of the system are coplanar with the conics consecutive to them. 

When the plane determined by an arbitrary conic of the system does not 
contain another conic of the system, the planes of the conics envelope a cone of 
class three. Since the imposition on this cone of the condition of being unicursal 
is equivalent to bringing an additional nodal conic on the surface, it is seen that 
the nodal curve is of order three. 

This nodal curve can not be a proper cubic, however, for the surface would 
then be rational as is seen by letting correspond to any point of it the point in 
which a fixed plane is pierced by the bisecant to the nodal cubic through the 
given point and conversely. Neither can the nodal curve be a proper conic and 
a line for such a surface is easily seen to be either rational or composite. 

There do exist, however, quintics determined by systems of conics, whose 
nodal curve consists of three concurrent straight lines. Each conic of the system 
intersects each nodal line and, since it must meet four other conics of the system, 
passes through the vertex of the cone determined by the planes of the conics. 

Taking two of the lines for fundamental lines, and the vertex of the cone 
for fundamental point in a quadratic-quadratic Cremona transformation, the 
surface is transformed into a ruled quartic of genus one, having the fundamental 
point for simple point. The tangent cone to the quartic at this point is of 


the form: 
Lu+L,v0+ L, = 0 


Fs (u, v) = 0. 
It is easily seen that an infinite number of cones of class three exist which 
are tangent to the quartic and whose equations are of the form: 
iu+ L;=0, 
wherein w and v are joined by the same cubic relation f, = 0. 
16 
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Performing, now, the inverse transformation, we have the system of conics 


determined by: 
Lu+ [L,v+ L,=0 


Qv+Q;=0 
Ss (u, v) = 0. 


These equations can be still further specialized. When the surface is a 
quintic, there must be four pairs of values of u and wv satisfying /,=0 for which 
the first equation is a factor of the second. It is easily seen that three of these 
four points in the (wu, v) plane are collinear. Hence, except in the particular cases 
in which some of them are consecutive, the equations of the system may be written: 


Lu+L,v0+ =0 
L, + u + (L,— L,) = 0 


The equation of the surface is: 
aL, L3(L, — L,)? — 6 L, L3(L, — L,) (LZ, + Ly) + LD, + L,) (L,; — 
L, L, L;(L,—L,) (L;-+ L,) — e LiL; (L, + Ls) (L3 + Ly) + f Li L, + L,)? = 0, 
The three nodal lines are: 
= 0 
L,= IL, =0 
L,=0. 


These lines may become consecutive. 
All the conics of the system touch L,=0 at Z,=L,=L2,=0. On each 


nodal line are four pinchpoints of the system. The conics obviously can not 
envelope any of the nodal lines since they meet each line in only one point. 


U. 8. NavaL AcaprEmy, June 10, 1906. 


On the Canonical Forms and Automorphs of Ternary 
Cubic Forms. 


By L. E. Dickson. 


Gordan has given* a complete set of canonical types of ternary cubic forms 
and has determined the algebraic irrationalities occurring in the reducing linear 
transformations. There does not seem to be at hand a reduction theory in which 
the coefficients of the form and those of the reducing transformations belong to 
a given field F. The case in which F has the modulus 3 is essentially different 
from the contrary case and will be treated in the present paper. After treating 
the reduction problem rationally in the initial field, we consider, in §§ 19-20, 
reductions involving irrationalities and obtain eleven ultimate canonical forms. 
This result for modular fields is in contrast to Gordan’s results for the field of all 
complex numbers. 

1. Let F be a field having modulus 3, and let 


1,23 1,2,3 

i i,j 
have its coefficients in F. The Hessian of 7 is 
(2) YA, — xj a; + bax, 
where 
(3) Q = — — Cap — 
(4) A, = ci; Chi Cin — G5 (é, 4, 1, 2,3). 
We infer that @ is an invariant of f and that 
1,2,3 

(5) 2 (A; + Qa) x} 


is a covariant of f. These facts indicate the exceptional character of the case 
in which the field has modulus 3. 


* Transactions American Mathematical Society, vol. 1 (1900), p. 403. 


i 
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2. Suppose first that the c,; are not all zero. By an evident transformation, 
we may set ¢,—1. Applying in turn* By,, By, Bigy, we may make 
Coy = C3 = b=0. The resulting form may be given the notation 


(6) (x) Quin, + Raza, + 
Under the transformation 
(7) m=y—thy, m=tyt+yteRy, 


J (x) becomes /’ (y), in which 
(8) 


Henceforth, let F be the GF[3"]. Then S'=0 requires 
(9) *Q—#R=S, G—#R=S,...., —tR?* 


The determinant of the coefficients of t¢, t®, ...., ¢” equals 
(10) gie-v_ 
If A+ 0, ¢, .... are uniquely determined by (9), and the resulting 


value of ¢* is seen to equal the cube of that of ¢, ete. Hence, if A 0, we may 

set S=0 in (6). Then, if @=0, we multiply x; by a suitable mark and get 

But if Q $0, we apply By, and make 2=0. Then if Q is the square ofa 

mark ¢, we introduce 2, + ta; and x, as new variables, and are led to the case 

treated in §3. If Q is a not-square, we multiply 2, by 4, and a by ~~”, and 

choose A to specialize the new Q; there results 

(12) + Ya,x; (va particular not-square), 
Next, let A=0. If R= S=0, (6) becomes 

(13) + La, xj. 

If R=0, we set y,= 23, y,= a, and obtain (11). 

Finally, let R +0, so that, by (10), @ isasquare +0. Multiplying a, by a, 

a, by A~*, and az by Au, and takingt w= Q', = Ru, we get 


(14) Ly — + + + 


*In the usual notation, B,,, alters only z,, replacing it by z, + tz,. 


+ Any mark p of the GF’[3"] is the cube of thejmark *. 
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In view of (8), this can be transformed into a similar form with 

(e) =s—t+ 

Now t?—t=c is solvable in the G F[3"] if and only if 

vanishes. Hence, if ¢(s)= 0, (14) is equivalent to a similar form with s = 0. 

To the latter apply By ,; there results (yj — y3) y, + 5, which obviously falls 

under the case treated in $3. Since ¢? = ¢, there remains the case o(s) = + 1. 

Under the transformation +; = — a,, the sign of s in (14) is changed. Hence 

we may set o?(s) = +1. But if (s') = ¢(s), then @(s’—s) =0, and (e) is 

solvable for ¢ in the GF[3"]. Hence we may restrict s in (14) to be a particular 

solution of @(s)=1. In case n is prime to 3, we may set s = 1. 

3. Next, let every c,; be zero. According as 6 + 0 or b= 0, we get 
(15) Ly Ly + La, x3, 

(16) > a,x? a2, a3 not all zero). 

4. No form in one of the six systems (11)-(16) ts reducible to a form in 
another of the systems by a ternary linear transformation in the GF [8"). 

Indeed, let 4, 42, fs denote the partial derivatives of f, given by (1). The 
number of sets of solutions in the GF[3"] of 0 is 
invariant under linear transformation.* For (11)-(16), we have N= 8", 38”, 
3°", 1, 3"+t1— 2, 3°”, respectively. The only case needing comment is (14). 
Eliminating 7, between fA, = 0 and f,=0, we get x? But 
¢® —_t—-s = 0 is irreducible since @(s) $0. Hence z,=2,;=0, and then 
% = 0 by f= 0. 

For (11) and (12), we have the same value of NV. But for (12), Q is a not- 
square v; while for (11), (13) and (16), @ = 0; for (14) and (15), Q@=1. 
Under a transformation of determinant D, Y becomes D’Q, so that the quadratic 
character of Q is an invariant. 

5. In view of §4 the problem of the reduction to canonical forms falls into 
six independent problems. Consider the forms S (a, a,, a3) of any one of the six 
systems, and let 7 be a transformation of one of its forms S (aj, az, a3) into a 
second. Since the modulus is 3, T transforms > 6; x? into a similar sum & 6,23. 
A system of forms is invariant under every transformation which replaces one of its 


forms by a second. 


* There exists an invariant (other than Q) involving } and the c;; alone. 
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We proceed to determine the groups of transformations leaving invariant 
the various systems of forms. As the usual direct method would be laborious, 
special devices have been invented. 

6. Group of the system (11). Suppose that a particular form 


Py, = + + Taiz; 


becomes F,,4,a,, given by (11), in view of the transformation 
(17) = ay (i= 1, 2, 3), 
with coefficients taken modulo 3. Then 
} 

Ox; 
since Hence 

0= % = Vy, Le = = = 

From 0=¥%, we get Hence ag + 0, since |a| $0. Then a,,=0 
from 0= 3. Next, = a3, Hence aj, and 


Ay, Gy O Aon Ayo + Ay) Ae O 
a, 0 0 ai 0 
As, Ago Age Aig Ajo Age Ago 


The necessary and sufficient conditions that S-1.§ = J are 
2 — 
Ap = 1, = Ay. 
Hence the transformations leaving system (11) invariant are 
(18) ary + ayy ty, ay, A? Ly + + (a $ 0), 


For the GF'[3"], the order of the group is 37"(3"—1). 
7. Group of the system (12). Evidently (xj «§) a, is invariant under 


where a and @ are any marks not both zero, and under 


(20) L: 


Let S, given by (17), be any transformation of the group of the system (12). 
We prove that S is generated by 7,, and LZ. Now S and S87, do not both 
have a, = a3 =0; let S’ denote the one with a,, and a,3 not both zero. Then, 
for suitable marks a, @, 7; S'=S8, replaces x, by ta. From the con- 
ditions that S, shall replace xj2,— aja, by a form (12), we readily find that: 
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S, is either the identity Jor ZL. Now LZ transforms 7,, into T,_,. Hence the 
group ts composed of the 2(3?"—1) transformations T, , and L. 

A simpler method of determining the group is to introduce the irrationality , 
where j? =» defines the GF[3?"]._ Then j* =—j. Introduce the conjugate 
variables 

y® =x, — a). 
The form (12) becomes 
(21) yy 2, + 
By inspection, or formally by §10, this system of forms admits only the 
2 (3°" — 1) transformations 7; and 7, LZ, ¢ any mark + 0 of the GF([3?"], where 


(19’) T: yl sty, ay, 
(20') L: y=y¥. 
8. Group of the system (13). As in §6, we get 


j 


For =k =2, we geta,=—0. For k=8, we get ay; a43=0, 
for 7 = 1,2,3. For 7=3, the latter gives a, = 0. Then a,;a.3;= 0 (j= 1, 2, 3). 
Hence = 0. Forjy=1, k=1 and 2, we get 
y= Ay Ag + = gy 

Then SS-'=TJ requires that aj,ag—=1. System (13) ts invariant under exactly 
the 3°" (3"—1)* transformations 
(22) Hy, Hy Hy, Og gy Ly (Ay $0, $ 0). 

9. Group of the system (14). This case is the most difficult of all and 
requires a new device. We introduce a cubic irrationality ¢ such that the 
“determinant” of the enlarged field F’(¢) yields a ternary cubic form belonging 
to the system (14); the factorization of this determinant in F(t) is known.* 
For (14), (8) $0, so that 2*—a—s is irreducible in the GF[3"]. Hence 
(23) 
defines the GF'([3°"]. To construct its determinant, expand f 

(a2 + + 250") (Y2 + + yst’). 


* Dickson, Transactions, vol. 7 (1906), pp. 388, 389. 
+ The interchange of subscripts 1 and 2 is made here instead of later on. 
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The expansion may be exhibited with detached coefficients thus: 


Y Ye 


1 | 8a, 


The determinant is congruent modulo 8 to 
This form belongs to the system (14); indeed, it is the only form (14) differing 


from its Hessian (2) only by a constant factor (here —1). 
In view of its origin, (24) has the factors 


(25) + + 232”, + + 2,03 + 


It follows from the theory of conjugate variables that (14) equals 


(26) EEE, + + + BP" 
or, as we may write, 
(26’) + 4 (8 (8 


In case we wish to pass from the forms and transformations in the GF'[3°"] 
to those in the G F'[3"], we need the value of 8, viz., 


(27) B= — (a + 8) 1° — (a, + 1) (t — 1) —(@ + 5"). 
On applying to (26/) the respective substitutions 
(28) 
(29) 8" +3" — 1), 
(30) 
we obtain forms of type (26’) in which the new £’s are 
(31) Be, 


Further, every automorph of the system (26), which preserves the conjugacy of 
the variables £, £,, &, is given by (28), (29), or (30). Zhe group of the system 
(14) is of order 3(1 + 3" + 3°"); it is generated by two operators U and V such that 


10. Group of the system (15). An immediate application of the method 
of §6 shows that the 6(3"— 1)? transformations are | 


(33) titan, Pa, (6,j,&= 1, 2, 3). 
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11. The group of the system (16) is the general ternary group of order 


(34) = 3°" — 1) (8°" — 1) — 1). 
12. Asa check on the results in §§ 2-11, we note that 
3°" 38" ea" 3°" 33" v(3°"—1) 


+ 2(32"—1) + 3(1+3" +32") + 6(3*— 
equals 3!°"—1, the total number of forms (1), not identically zero. 

13. Lteduction of forms (11). The available transformations are given by 
(18), which replaces (11) by a similar form with 
(35) aa}, + aa °+a;a3,+ 

Let first a,= 0. Since every mark is a cube, we may take a,=0 or 1. 
Then for a=1, a,—0, a2 we have aj =0 orl, a,=0. We reach 
types 1 and 2 of the Table. 

Let next 0. We may take a,=0. Then for a,,=0, ag =a *z, 
(35/) a,=0, aga®’=a, + +2. 
By choice of a and z, we can make a= 0 or 1, if n>1. Indeed, suppose that 
A =a, + +z is a not-square for every z in the GF[3"]. Then 


(for every z). 
In the final factor, we replace z* by z. Then the product is of degree 
+ 3) < 8". 
Hence the relation must be an identity in z The coefficient of the highest 
power of z is af, g=1+3+4....3"-*, ifm >1; but is a,+1, if n=1. 
Excluding for the present the case n = 1, we thus have a, = 0, a,= 0 or 1. 

For a, = a, = 0, a3 + 0, the only further normalization is the specialization 
of aj by the choice of a”. Let p be a primitive root of the GF[38"]. Ifn is odd, 
the even powers of p are 12th powers, since 
2,3" -1 — ‘= 


p= 9"p 
while the odd powers of p are not-squares and hence not 12th powers. Hence 
for n odd, we may set a;= + 1, and reach types 3 and 4 of the Table. If n is 
even, the greatest common divisor of 12 and 3"—1 is 4, so* that the only 12th 
powers are p', p*, ...., !==1. Hence we may set aj=1, p, p”, or and 
reach types 5 and 6 of the Table. 


* Linear Groups (Teubner, 1901), p. 45, § 63. 
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Next, let a, = 0, a, =1,a;=—a +0. We first seek the conditions under 
which this case can be reduced to the preceding. Such a reduction occurs if 
and only if 
(36) 


is solvable for z in the GF[3"]. Now 

where 

(38) 
Hence the equation 0 = Z is solvable for z in the GF'[3”] only in the following 
cases: either a is a not-square, or a is a square such that J (a) = 0. 

Let therefore a be a square such that ~(a) +0. We discuss the values 
taken by a! = Z*a, when z is chosen in the GF[3"] so that Z=1—a?2+z 
is a 6th power (Z=a‘). Set P= = In view of (38), with 
a replaced by a’, we get 


Since a is a square and z®* =z, we deduce ZY = from (37) and (39). 
To make Z a 6th power, it suffices to make it a square. Hence a necessary 
condition for the equivalence of two forms with the parameters a and a’ is that 
V/V be a square. We next show that this condition is sufficient. Let a and a’ 
be given squares such that J/_)/ is a square. Now 

Hence 1=ay’, 1=a'W’. Hence the equation a’ = Z’a is satisfied by the 
square Z=»/'. For this value of Z, (37) and (39) give 

so that Z=1—az+<z is solvable for z in the GF[3"]. For the forms (11) 
in which a,=0, a, =1, a; = —a, a being a square such that + 0, 
those with (a) a square are equivalent, likewise those with (a) a not-square, 
while the two sets are not equivalent. The two resulting canonical forms are listed 
under 7 in the Table. 

It remains to treat the case n=1, a, £0, a,=0. By (35), for apy = 0, 
aj = 0, ag=a,+(a;+1)ay, If a;=1, we can make a, =0, and 
reach type 3 of the Table. If a;—=-—d41, no normalization is possible, and we 
have types 4 and 8 of the Table. 

The determination of the automorphs of types 1-8 follows readily from (35). 


n~é 
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Comment is needed only in the case of 7; viz., a,=0, a,=1, aa=—a +0. 
Then Qe =0, af = 1, —aak, + ag. 
The case a? = 1 leads to the automorphs listed. The case a? = — 1 is excluded, 


since 2=ag, would then be a root of (36), whereas the latter was shown to be 
not solvable when a is subject to the conditions on type 7. 

14. eduction of forms (12). The available transformations are 7, , and 
T,,, L, given by (19) and (20). Now 7, replaces (12) by a similar form with 

aj =a,0° +a; + asa’, a,=a,/(a? — 

If a, and a; are not both zero, we can determine « and @ to make aj = 1, a; =0; 
the resulting type is 11 of the Table. If a, =a,=0, we can make a;=0 or 1; 
the resulting types are 9 and 10 of the Table. Since Z leaves unaltered types 
9, 10, 11, no two of them are equivalent. 

15. Reduction of forms (13). Applying (22), we get 

For az; $0 we reach type 14 of the Table. For a;,=0, we first make a,= 0, 
—1, or —¥», where v is a particular not-square. For a;=a,=0, we take 
= 1, a = —a,, and reach type 12. For a;=0, a,=—1, we take ay = + 1 
to preserve a,= —1. The problem of the specialization of aj= + a, + a —a}, 
is essentially the same problem as the specialization of s in (14). As at the end 
of §2, we may take aj to be zero or a particular solution of @(c)=1. The 
resulting types are 15 and 16 of the Tables. 

Finally, for a;=0, a, =—v, we take a, = +1 to preserve a, = —y 
Setting a, = +2, we have taj=a,+z—v2=W. Then 

Since v#®"-= — 1, the equation W=0 has the root* z=a. Hence we may 
set aj = 0 and have type 13 of the Table. 

16. The reduction of the forms (14)-(16) to the types 17-23 of the Tables 
offers no difficulty in view of the results of §§ 9-11. 

17. In addition to the check in §12 on the six systems, we note that the 
canonical forms within each system and their automorphs were checked by 
making two counts of the forms of the system. 


*The existence of a root also follows from a theorem on the analytic representation of substitutions, 
Linear Groups, § 81, p. 57. 
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Canonical form Automorphs Number of automorphs 
2 A+ (x, + + 2, + 25) 3” 
A + 2}(n odd) (4-25 | 2 
A — x} (n odd) (+2,, %, Px+%), P=B | 6 
6 | A + p‘a;(neven,t = 1,3) | (az,, a 2), a =1 
A+ (+2,, +%,), =f | 6 
8, = 1) %, Bx, + | 6 
9| BS ax, |Top, Tap L 
10; B+23 Teak, =1 +1) 
11) B+a+a,23 | (a; | 2 
12 | | (22) with =0 3"(3"— 1)? 
13 | aja, —» 2} (+2,, %, 82%,+7%, + 42;) 2.37" (3" — 1) 
14 | aia, + 23 (az,, + 8%,) 3” (3" — 1) 
15 | ajax, — 24, +4%,, 72, +02, = | 6.3°"(3" —1) 
16 | — + 72, +6u,+e2,), P=B |3.3°"(8"%—1) 
17 | (24) ~ (26) p=0 (28)-(30) 3(1 +3" 4 37") 
18 | (14) ~ (26)e+0 I, (29) with ¢ = | 
(30) with ¢= | 
19 | (33) | 
20 | x, 2, + x (%,, a" 1,7 =2,3 | 2(3"—1) 
Q1 | x, + + L, 2 
22 | x, + a2 a} Permutations of 2,, Z,, 2%, 6 
23 | at (a, 28,25) | 1) (3"—1) 
Specification of the parameters in the canonical forms. 
5, 6| p is a fixed primitive root of the GF'[3"]. 
7 | a has two values, each a square in the GF'[3"]. For one, 
is a square ; for the other, » is a not-square. 
9, 13| » is a fixed not-square in the GF [3"]. 
11 | a, ranges over the 3" marks of the GF[3"]. 
16 | a, isa particular solution of p(c)=e+E+....+ 2° =1. 
18 | 6 ranges over the 3"—1 multipliers in a rectangular table of the marks 
+0 of the GF[3°"], those in the first row being the roots of 
gi+3"+3"" 1. 
22 | a ranges over the 3"— 1 marks +0 of the GF'[3"]. 
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Thus for system (12), with the canonical forms 9-11, 


2(3?"— 1 2(3?"—1 2(3°"—1 

18. Aside from 17 and 18, all the canonical forms and automorphs in the 
Table have their coefficients in the initial field GF [3"]. A similar treatment 
of 17 and 18 for xn=1 will be given for illustration. We may set s=1; then 
the roots of (23) belong to the exponent 13. As the three canonical forms, we 
may take (14) with s= 1 and 
(40) (a, Az, as) (0, 0, 0), (0, 0, 

Indeed, for these, 8 given by (27) equals 0, —7*+1, —1?—1, respectively ; 
while (— 7? —1)/(—7? + 1) =1—~ belongs to the exponent 26, so that no two 
of the forms given by (40) are equivalent. For ¢=1%, (28) gives 


(41) OU: al + == J). 
For 8=1—7?, we get =—1-—7*. Hence (29), for —1—7?, gives 
(42) V: =a,+ % = %®, (FP 


an automorph of xj x3 23 ++ Hence (41) and (42) generate the 
group (32) of the system (14); its 39 transformations are the automorphs of (40). 
The 3 automorphs of (40,) are the powers of V. The 3 automorphs of (40,) are 
obtained similarly. 

In (26’) forn=1, set Pty. For @ a square, =1, we find that the 
form vanishes for 13 values of y, since y” + y° + y® +1 divides y*—1, modulo 8. 
For 3° = —1, the form vanishes for 7 values of y, since —y”+ y¥5+ y?+1 and 
y** —1 have the greatest common divisor y°— y*—1. Hence the forms (40) 
vanish for exactly 1, 7 and 13 respective sets of values x,, modulo 3, since 1 —7? 
is a not-square and —1—7* a square in the G F'[3°]. 

As the basis for a similar treatment for n >1, we note that, at least when 
n= 1, 2,3, 4, a root of (28) is a primitive root in the GF[3*"] whens isa 
primitive root in the GF'[3”]. 

19. Instead of forms 9, 10, 11, we may, on the basis of §7, employ 


Canonical form | Automorphs | Number 


T,, T,L, defined by (19'), (20') | 2(3?"—1) 
Preceding with +! = 1 2(3" + 1) 
yy LL 2 


1 28 Dickson: On the Canonical Forms and Automorphs, Etc. 


Hence under transformations with coefficients in a higher field, types 9-11, 
17, 18 reduce to types analogous to 19-22. 

20. Theorem. Every ternary cubic form in the GF([3"] can be reduced, 
by a ternary linear transformation rational or irrational with respect to the given 
field, to one and but one of the eleven ultimate canonical forms 1, 2, 3, 12, 14, 15, 
19-23. 

For systems (12), (14) and (15), the invariant Q@ is not zero. In view of 
§ 19, the ultimate canonical forms are 19-22. For the remaining systems (11), 
(13) and (16), @ =0, so that reduction to 19-22 is impossible; while (16) alone 
is reducible to 28. As in §§6, 8, no form (13) is reducible to a form (11) by a 
transformation of modulus 3. In the reduction of forms (11), in § 138, the case 
a,;=0 led to types1,2. For a;+0, conditions (35’) may be satisfied for a and z 
in a higher field, when we set a,=1,a,=0. After the determination of a’ as a 
fourth root of a;s1, a follows rationally; the determination of z requires the 
solution of a cubic. Hence (11) with a; + 0 can be reduced to type 3 by a 
transformation in the GF[3”"]. 

In the reduction of forms (13) in §15, the case a; 0 led to type 14, the 


case a; a,—=0 to type 12. For a,=0, a, +0, we may make a, = —1, a, =0 
by using a quadratic and a cubic irrationality ; thus in the GF[3°"] we reach 
type 15. 


The present list of ultimate forms for modulus 3 differs from Gordan’s list 
of non-modular forms. His (,, G, Cy are here equivalent to 23; C, to 22, 
C; tu 21, C, to 20, CG, to 19, G to 14, C, to 1, G, to 12, while none correspond to 
2, 3, 15. 
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The Elliptic Cylinder Function of Class K. 


By H. Borts. 


The object of this paper is the synthetic treatment of the Elliptic Function 
of Class K and the computation of tables of values that may be useful to physicists 
in studying the properties of elliptical membranes and elliptical cylinders. The 
literature on this subject is very limited, as the only serious attempts to discuss 
this function have been made by Mathieu and Heine. The investigation of 
Mathieu in his Mémoire sur le mouvement vibratoire d’une membrane de forme 
elliptique (Jowr. de Liouville) made some progress in the theoretical treatment 
of the function, but did not lead to definite conclusions. Heinrich Weber, in 
Annal. von Clebsch und Neumann, Bd. I, says of Mathieu’s work: ‘Die Inte- 
gration ist dort durch Reihen bewerkstelligt, von denen mit grossem Fleisse eine 
betrachtliche Anzahl Glieder berechnet sind, fiir welche aber ebenfalls kein all- 
gemeines Gesetz angegeben ist. Diese Untersuchungen mdégen daher fiir den 
Physiker immerhin von grossem Werte sein, mathematisch scheint mir das 
Problem dadurch der Lésung wenig naher gebracht zu sein, als durch die Auf- 
stellung der gewohnlichen Differentialgleichung selbst.”’ 

KE. Heine, in Kugelfunktionen, Bd. I, II, makes greater progress in the 
analytic treatment, but does not give a satisfactory proof* of the convergence of 
the series and does not carry the investigation far enough to make the results 


useful to the physicist. 
Laplace’s equation 9 a? + av + ae 0 is reduced by Heine, after various 
transformations and the introduction of Lamé’s elliptical coordinates, to the 


convenient form 


2 
(1) va + G cos 2 +42) B=0. 


* Since the above statement was written, a satisfactory proof has appeared in the Inaugural Dissertation 
of Simon Dannacher, Ziirich, 1906. 
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Our investigation will be limited to the function of the Class K, 
1 
(2) E= a, cos 2ng, 
n=1 


in which a is independent of @ but a function of z and of the argument &. Under 


what conditions is this a solution of (1)? 
Substituting this value of # in (1), we find the following recursion formulas, 


showing the relation between the coefficients : 


(3) bzay, 


Any = b (n” An — An-1- 


To determine the necessary conditions for the convergence of (2), it is 


necessary first to show that = 0. 
Substituting a finite portion of (2) in (1) gives 
8 _4 
(4) de + G cos 2g + 42) B aah (a, cos (2n + 2) @ —a,_, cos 2n¢). 
If values of z can be found that will make a, and a,_, arbitrarily small, 


the first member may be made to approximate zero. 
Assuming that a,= 1, a,, a), ..--, a, are rational integral functions of z, 


and equations (3), in the form a, = f(z) = 0, can be solved for various values 


of the argument 6. Equations (3) give the following values of a,, a,, ...., a,, 
explicitly in terms of 6 andz. Placing these equal to zero we compute the 
values of z that will make a,, ...., a; approximately zero. 

(5) a= =, 


dy = =0, 


a,=+ (# — 142 + +(— 36 + +(— + == 0, 


a, == 
| a, —b(4— z)a,—aq,, 


2355 
222 
/ 
/ / 
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= — 2b — 3024 + (278-2) 20 +) « 


a, = + (1023 — 5.) 2 + (— 7645 + 


+ (21076 + (— 14400 + — 


1072 
5 — + — + (— 44473 + 
+ (296296 — + (7738136 + 
658944 , 8960 7 1036800 eee 112 

In order to study these equations and to deduce from them properties of the 
equation a@,, = 0, we compute tables of values showing the roots to four decimal 
places and the values of the functions a,, a,, ...., a; for these approximate 
roots. The Tables I, II, III are given for b=0.1, 65=10 and 6=100. The 
last figure of every result is given exactly as found, and is not increased by unity 
if the next figure is five or more. 

Tables I, II, III and Figs. 1, 2 show how rapidly these roots approach a 
constant limiting value as n increases without limit. This line of argument 
forces us to use a,, as a function of z of infinite degree and to treat a, =0 as 
an equation of infinite degree. This extension of the function concept may be 
justified by the same necessity which forces us in certain problems to use infinity 


as a limit. 
From equations (5) we deduce the following: 


6 = 0.1. 
0.1 
(8) ¢, = — =0, 


a = + (¢ — = 0, 


as 


— (0-10 (@ — — 2962 + 800) =0, 


(7) 


(8) 
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4 
a=+ (2! — 1428 — 3512? + 35642 + 12800) = 0, 


as — 
a, = 
aA, = 9 
10 
a,= 
10? 
a, = re 
a; = — 2 
+ 9 
108 
a= — 9 
10° 
a, = — 9 
10? 
— 
104 
ad, = + 
_ 108 
a; = 
108 
a=+ 
As 9 = 


5 
(z’ — 302 — 2272 + 96802 — 146242 — 284800) = 0, 


— 552 + 4932 4+ 167552 — 2215242? — 2756002 


+ 5840000) = 0, 


— (9-1) (7 — 4 23082 + 45272 — 8020042 + 67312642" 


+ 17224000z — 181760000) =z ©. 
6 = 10. 
(z) = 0, 


(2 — z— 0.02) = 0, 

(22 — 52? + 3.972 + 0.08) = 0, 

— 142 + 48.962? — 35.642 — 0.7198) =0, 

(2 — 302 + 272.952 818.952? + 569.48052 + 11.516) =0, 


(2° — 552° + 1022. — 7642.562 -+ 21042.74092 
— 14225.1401z — 287.892802) = 0, 
(ci — 912 + 3002. 9825 — 44468. 12! + 296172.17142 
— 771755. 6232 + 511811.455993z + 10864.025712) = 0. 


b= 100. 
(z) = 0, 


(2 — z— 0.0002) = 0, 


(2 — 52? + 3.99972 + 0.0008) = 0, 


(24 — 142 4+ 48.99962 — 35.9964z2 — 0.00719998) = 0, 


(2° — 8024 + 272.99952 — 819.98952 + 575.93480005z 
+ 0.1151996) =0, 


‘ll + 
} 
4 
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12 
(2? — 552° + 1022.9994c — 7644.97562 + 21075.6674000927 
— 14398. 251202012 — 2.879989280002) = 0, 
14 
a, = — — 912° + 3002.999325— 44472. 95124 + 296294.7617001 42" 


— 773122.19560632 4+ 518334.105689599993z 
+ 103.679602560112) = 0. 


These equations (6), (7), (8) are solved by Horner’s method, and the last 
remainders are multiplied by the factors before the parentheses in the equations 
under consideration. By %3; we represent the third root of a,= 0, and by agg the 
value of a, for this approximate %3. See Tables I, II, III. 


Maximum AND MINnIMuM VALUES OF a,,. 


The maxima and minima values of a, can not be found by the usual 
methods when increases beyond all limits; since a, can not be expressed 
explicitly in terms of z, and a’, = 0 is an equation of an infinite degree. 

Substituting a, = b" (mn — 1) /* @,,* we compute the values of z in ~’, =0 
for finite values of n, z,; being taken graphically as the abscissa corresponding 
to the maximum or minimum value of £, between the 7 and 7+ 1” roots of 
B,=0. We compute z from (’,=0 by Horner’s method, accurate to one 
decimal place. Substituting these values of z in @, by Horner’s method, we 


obtain close approximations for @,,. 


I. Argument b= 10. 
ay, 


(410) (2 —2z— 0.02), 
(2 — 52? + 3.972 + 0.08), 
(zt — 142° + 48.962? — 35.642 — 0.7198), 


— — + 272.9528 — 818.952? + 569.4805z 4: 11.516), 


* See Dannacher, p. 16. 
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Bs = + (2° — 552° + 1022.942 — 7642.562 + 21049.74092 
— 14225.1401z — 287.892802), 


__ 912° 4 3002.932° — 44468.12 + 296172.17142° 
— 771755.6232 + 511811.455993z + 10364.025712). 


1 
= — 793600 


From these equations Table V is computed. 
Substituting (9) in the recursion formula, 


(11) a, = b((n— 1)? — 2) 
b" (n — 1)!/? B, = b((n— 1)? —2) 1 (n — 2) 1? — — 3)/* Bis, 
(12) Pra — b?(n— (n— 2) 


The first minima for £, are a by computation to have the relation 
| and all are See Table V. 


(13) Bu = ) Ba— 10? x x 1” Pu, for = + 0.4. 


(14) Bam Ba — By, for = + 0.4. 


(15) Pa = 10? x 42 x 3? Bx, for = + 0.4. 


(16) Bar=(1—*2) Bo 1, for Z 

The first two roots of 3,=0 must lie between —2 and 0, +1 and +4, 
respectively, as proved by Heine.* Hence the first minimum lies between 
—2 and +4. Beginning with @,,, the parenthesis of (15) cannot vary from 
unity by more than one-fourth, and the parenthesis rapidly approaches the limit 
unity in 8,, as n increases without limit. The last term in (15) equals 
—0.0007 83, and in subsequent equations rapidly vanishes, so that the first term 
in (15) and in subsequent equations controls the sign and @,, approaches the 
limit for Z,,. Hence |Bni]<| Pnail----<| and 
(17) = Bn—1,1. 

From computations it is evident that the first minimum of 6, =0 is 
numerically less than 0.11 and negative ; approximately, —0.09. 


* Kugelfunktionen, I, 412. 
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By similar reasoning, the first maximum @,,, is + 0.33, approximately. 
By further computation and reasoning from the recursion formula, it is found 
that the succeeding minima and maxima of (, converge to limits for n=o, 
each larger than the preceding numerically, and all differing from zero. 

The general form of the curve 8, =0 is shown by Fig. 3, the nullpoints 
being determined by «+++» Subsequently computed and given 
in Table II. 

Il. Argument 6 = 100. 

For argument 6 = 100, @,, =0 has nullpoints still nearer 0, 1, 4, 9, ...., 
(n —1)’, as shown in Table III. The locus of B,, =0, for 6=100, has the same 
general form as Fig. 3, the first minimum and the first maximum being nearly 
the same as for 6=10. In no case is a maximum or minimum zero. 


III. Argument 6 = 0.1. 


The maxima and minima values of 8,, for 6=0.1 present greater diffi- 
culties, due to the fact that (0.1)? occurs in all values of @, and to the fact that 


the roots of 8,=0 do not fall in the regular intervals — 2, 1, 4, 9, ...., 
(n— 1)’, until 
(18) b(n—2)>1. 


See Table [ and Heine’s Kugelfunktionen, I, 407. 
To determine the laws governing these maxima and minima values, we 


compute z and @ found in Table IV, using the following equations: 
1 2 

(19) 5 = 200) , 

(20) — 52° — 296z + 800), 


(21) B=+ (ct — 142? — 3512 + 35642 + 12800), 


(22) 8, =— (2° — 3024 — 22723 + 96802 — 146242 — 284800), 
(23) + (2° — 5525 + 42932 + 1675523 — 2215242? — 2756002 
+ 5840000) , 
1 7 6 5 4 3 2 
6731264 
(24) 1056800 — 912° + 23032 + 452724 — 8020042 + 67 


+ 172240002 — 181760000) , 


i 
ai 
i} 
i 
! 
| 
q 
wf 
a 
i 


710.4 
(188) 
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(25) B=+1(z2—4)=0, 


(26) — (2 — 342 — 983) =0, 

(27) (2 103 2 — 17542 + 891) = 0, 

(28) — 24d — + 38722 — 29244) = 0, 

(29) — 4582! + 2822 4+ 837742 — 7384142 — 489334) =0, 
(30) B= — — 782° + 16452‘ + 230142? — 3437162 + 1923218%2 


+ 24605714) =0. 


In Fig. 4, we locate the nullpoints of @,, =0 from the values of a,, toa, ; 
in Table I, and draw the curves representing 0, = 0 to 0, =0. 

In studying these curves the following tendencies should be considered (see 
Table I and Fig. 4): 

a) The nullpoints of these curves always approach the nullpoints of 6, = 0 
as m increases. 

b) The first z,,, and the corresponding minima values of @ always increase 
numerically with n. ,“™, 8,, must be examined. 

c) The first maximum increases from 6,;,=0 to 6,=0 and afterwards 
decreases, apparently to a small positive limit for 6, = 0. 

d) The other minima and maxima between two successive roots of 8, = 0 
always decrease numerically as m increases, apparently toward a very small 
limit for 6, =0. 

e) In each curve, the maxima and minima for the first half of the arches 
retrograde and for the last half advance beyond the middle of the interval. 

To discuss these tendencies and eventually to discover properties of 0, = 0, 
return to the formula 

a, = b((n — 1)? — 2) —ay_2. 


Substituting a, = b"(n—1)!?8, gives 


1 
(31) (1 — (n — 1)? (n 2° Bn—2- 
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First Minimum. 


To explain tendency b) and to determine the limit of the first minimum, 
use equation (31) and Table IV. The first minimum evidently lies between 
Ze 1 = — 16.9015 and z,. = — 5.0524, the first two roots of a, =0 and of 
Bo 

Beginning with @, = 0, 


1 

(32) Ba — Ba» for =— 126, 
1 

(33) Bu =(1 + Bu, for 2, = — 13.0, 
= 1 

(34) Ba = Ba — Gu, for 2, = — 13.3, 


n 1 


Since Bun, Bas ‘ are known by computation to be negative and 
it is evident from (35) that |Bul<|Bul<...-< 
and that they are all negative, since the first term in the second member of (35) 
has the greater multiplier from (,, to @,,;, the last multiplier being a proper 


fraction and decreasing rapidly while the first multiplier 1 + qo remains 


greater than unity. 


The relation is preserved when Z,, , is substituted 
for 2, 21,----, and the inequalities are still greater, since less ordinates are 
substituted for maximum ordinates. 


(36) However, 


1 


0.01 (n—1) (n— 2 Bn-1| has some small positive value while x is finite. 


since 


(37) Hence 


for z2,~,- Forn=o, z,,;—=—13.5 approximately, the last figure being deter- 


Bi 

if 
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mined by the recursion formula. Computing (,, = 1224.4 for z,,,; = — 13.5 by 
Horner’s method, 


(38) Ba l< (1 99) + x 1224.4, 


For an infinite hing 


et 185 13. 5 


(41) Bo 1 = — 8826.7. 
The first minimum is therefore a finite number. 


Second Minimum. 
The second minimum first appears in 8, = 0, and by Table IV, 
(42) | us|, 
and both are negative. 
By equation (31) and Table IV, 


; 9.5 1 
(43) (1-3 Bs — 0.01. 95. 16 “Bas, for = + 9.5; 
wit 9.5 1 
(44) 36 ) 0.01. 36. 25 for = + 9.5; 
] 
(45) Bs 49 Bis 0.01.49 .36 Pes; for = + 9.4. 


By computing the coefficients of (43), (44), (45), it is found that @,3 con- 
tinues negative and of decreasing numerical value. Since the second term of 
the second member is decreasing rapidly, on account of the factors (n — 1)? 


(nx — 2) in the denominator, toward the limit zero, and 1 — more 


slowly increases toward the limit unity, it is seen that @,, equals 3,3 multiplied 
by a positive proper fraction, plus a much smaller number. Thus (,3, Gy3,--- -, 


B remain negative and | >| >|Basl- 
small negative number. By repeated use 


of (31), 
(46) — 87. See Fig. 4. 
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Third and Subsequent Minima. 


The third and subsequent minima can be treated in the same manner. We 
observe that the first minimum in any set or range may be large as compared 
with the minima in the preceding sets. For example, (4, for 2—= + 29.8, is 
— 497.6. This irregularity is due to the fact that the first minimum in a set lies 
between the last two roots of an equation of an even degree;e. g., 0,=0. For 
b < 1, as in the case under consideration, the last root does not, in general, lie 
between (n — 1)’ and n’ until b(n — 1) >1.* 

In such a case z may be greater than (n — 1)’, as in 4. Hence 


(47) = (n 0.01 (w—1) (n— 3)? G45 has irregularities. By 


computation, 


(48) Bu = (1 (— 1678) —4(+ 3275.8), for ig = + 29.8. 
(49) Bos = (1 — 1.192) (— 1678) —} (+ 3275.3) = — 497.6 approximately. 


The first parenthesis changes sign, since z, >(n—1), and @,, therefore 
becomes a large positive number. However, the coefficient of the next term is 
comparatively large, so that the last term controls the sign of (4. 

However, 


(50) By =(1— 7%") Bp Bg = — 152.1, for = 25.7. 


Here and subsequently in 4, ..--, ..5 the parenthesis is positive, slowly 
approaching the limit unity, and both terms are negative. As the last coefficient 
decreases rapidly toward the limit zero, the values of By, ----, Bas decrease 
numerically with increasing n and are always negative. Hence, as in the second 
minima, 


and 8, is a very small negative number, and not zero. 
The same argument applies to subsequent sets of minima values. 


* Heine’s Kugelfunktionen, I, 407. 
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Maxima Values of Bp. 


The first maximum of each set comes from an equation of odd degree and 
may be large, as in @3., since z may be larger than (m —1)’ for the last arch of 
the curve until 6(m— 2) >1 and thus make both terms of (31) positive. The 
first set of maxima values shows an increase in B, on account of the small value 
of n and the factor 6? [= 0.01] in the denominator of the second term. 


11.7 1 
(52) Be =(1— 4 ) Ba 4 Pre, for = + 11.7, 


= (— 1.9) (— 38) — 25 (— 5.85) = 4+ 72.2 4+ 146.25 = + 218.45. 


2 4.4 1 
(68) Be=(1— for ta = + 44, 


= (+ 0.51) (+ 90) — 2.8 (— 87) = + 4.59 + 243.6 = + 289.5. 


0.7 1 
Ba =(1— Fm for a= + 0-7, 


= (+ 0.956) (4+ 220) — 0.694 (— 60) = 4 251.9 + 41.6 = + 251.9. 


The subsequent maxima By, .---, 22 will decrease and remain positive, 
0.01 (wn — 1)" (n — 2) decreases rapidly and l 


approximately + 1. 
Hence 2", 8,2 is a small positive number. From Table IV and equation 
(31), the approximate limit is 8, , = 140. 
By the same argument, the subsequent maxima may be shown to be finite 
and not zero. 
Maxima and Minima Values of a, . 
Max. a, = 6" (n — 1)!” . Max. @,,, (9) 
Min. a, = b"(n — 1)!” . Min. 6,. 
Since the maxima and minima values of 8,, for b=0.1, b= 10 and 
= 100, are finite and not zero, 


Max.a, =o . Max. =~, 
Mie.a,, =a =o. 

Considering the factor 6" in these results, it is evident that the curves 
representing a, = 0 will be more nearly perpendicular to the z-axis for 6 = 10 
and 6=100 than for6=0.1. This conclusion is confirmed by Tables I, II, Il 
and Fig. 5. | 
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Considering the variations in a, in these tables for z,; to four decimal places, 
it will be noticed that, in general, a, becomes greater as m increases and the pitch 
of the curves are greater at the nullpoints. Moreover, a,, is greater in the 
vicinity of the nullpoint on the side nearest the maximum or minimum point of 
the arch, due allowance being made for the fact that the next figure of z,, in the 
table may be very large or very small in the values compared. It should also 
be noted that a point of inflexion exists in every arch, near the nullpoint which 
is more remote from the maximum or minimum point of the arch. 


CONVERGENCE OF THE SERIES 
1 

(55) E(¢)= 3 40 + = a,, COS 2np. 
n= 


I. Argument 6 = 0.1. 


The computation of a,, a, ..--, a, fora finite n forms a basis for more 
general conclusions. The method employed in determining the roots of a,, = 0 
and the difficulties encountered in these computations will be illustrated by 
finding the fifth decimal figure of z,.3, for argument b=0.1. Having already 
Zon 3 = 5.5813, we compute a, and a; from (6) for z= 5.58138 by Horner’s 
method, using the remainder to twenty-one decimal places for the determination 
ofa,anda,;. Then by the recursion formula we compute a,, dy, . 


(56) 1)? — An+1— - 
(57) For z= 5.58138, A, = + 0.22846013 

a; = + 0.05475009 

a, = + 0.00905173 

a, = — 0.00187210 


Evidently 5.58138 is too large for z,3, since a, is negative and, by (56), 
Ay, yy, ---+, ge Would all be negative and would increase numerically with n, 
since the coefficient of a,,, would be greater than 2 and would increase in- 
definitely. Hence a,,; would not be zero. 
(58) For 2= 5.58137, a,= + 0.228465748 
a, = + 0.054764586 
a, = + 0.009314650 
dy = — 0.000442830 


This value of z is still too great, but ay is much smaller numerically. 


\ 
i 
| 
? 
| 
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(59) For 2=5.58135, a, = + 0.228476975 
a, = + 0.054793576 
a, = + 0.009429440 
dy = + 0.000197600 
Ay = — 0.007939170 


Here a, is positive but ay is negative, and z= 5.58135 locates a point in the 
z-axis between the nullpoints of ag = 0 and ay = 0. 


Computing a,, a2, .-.-, a, by Horner’s method, 
(60) For z= 5.58134, a, = — 0.279067000 
a, = — 0.872149970 


+ 0.416988556 
a, = + 1.014702419 
ds = + 0.640200395 
dg = + 0.228482548 
a, = + 0.054808073 
a, = + 0.009687228 
dy = + 0.001783414 
i = + 0.003763039 


It is evident that 5.58134 is the value of z,,,, correct to five decimal places; 
SINCE Ay < Ay < << ag by (56), and all the curves a, =0 toa, =0 are 
still above the z-axis for z = 5.58134, but below the z-axis for z = 5.58135. 

Substituting (60) in (55), 

(61) E (o) = 0.5 — 0.2790 cos 2 — 0.8721 cos 4p + 0.4169 cos 6p 
+ 1.0147 cos 8 + 0.6402 cos 10g + 0.2284 cos 129 
+ 0.0547 cos 14m + 0.0096 cos 16% + 0.0017 cos 18 
+ 0.0037 cos 209 + ..... 


The accuracy of these coefficients is proved by the recursion formula (56). 


Convergence of the Series. 


This series is computed for a root z,,3, accurate to the fifth decimal place. 
By a careful consideration of the last remainders in Horner’s process used in 
computing a,, ad), ..-.-, a, it is evident that the first three decimal figures in 
these coefficients will never change, if an infinite number of figures of z,,, are 
computed and substituted in #(@), since an increase of a whole unit in the sixth 
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figure of z does not cause a change in the first three decimal places of a,, dz, 
Calling the finite sum of the first four terms F, we write, 


(62) |£(o)|<|F+ (1.0147 + 0.6402 + 0.2284 + 0.0548 + 0.0096 + ....)], 


substituting maximum values for cos 8, cos 10g, ...., and using the +sign 
when F and the following series have like signs, and the — sign when they have 


opposite signs. 
We must now define a root of a, = 0 more carefully. 
(63) Definition of a Root of a, = 0. 


From a certain a, onward indefinitely, for an exact root of a, = 0, a, 4, is 
less than a, and has the same sign ton=o. 
Otherwise one of the following relations must exist: 


(64) 1) a,,, > a,, with the same sign. 
(65) 2) a,,, and a, differ in sign. 
(66) 3) Gn41< @, for one or more terms and then a, ,,; >a,. 


Supposition (64) can not be true for z,, a root of a, = 0, since a, ,., 


G43) +--+, 4, Would form an increasing series, as is shown by the formula 


(67) = b((n+ 1) 


When 6((n + 1)*—z) becomes greater than 2 with increasing n and 
Gn+12> ny G42 must be greater than a,,,. Hence a, would not be zero. 

The second supposition (65) is false for a root of a,, = 0, because (67) shows 
that, when a, ,, and a, have opposite signs and the coefficient of a,,,, becomes 
and remains positive with increasing n, a, ,. must, under condition (65), have a 
larger absolute value than a,,,. Hence /“™ a, is not zero. 

The third supposition (66) reduces to (64) or to (65) and therefore can not 
be true. 

Hence (63) defines a root ofa, = 0. 

This definition gives the following rule: 


(68) Rule for Computing Roots of a, = 0. 


Find the successive figures of positive roots of a, = 0 as great as possible, 
so that ag, a;, Gg, ----, @, shall have the same signs. 
20 


j 
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For negative roots, each succeeding figure of z,, is one less than the least 
figure that gives a permanence in the signs of a,, a;, dg, ----, Ag- 
For a root of a,, = 0, as above defined, (67) gives 


= b ((n + 1)? — 2) Aan+1— On <An41; 
(69) 
b((n + 1)? —z)—1° 


From a certain n onward ton=o, 


(70) On +1 


Therefore the last series in (62) may be written 
(71) 1.0147 + 0.6402+ 0.22844 ....<1.0147+0.6402 


which is clearly a converging series. 
Hence from (62) and (71), when z,3 is an exact root of a, = 0, 


(72) E(o) =%a) + > a, cos 2n®@ is finite and the series is convergent. 


n=1 
Il... Argument 6 = 10. 


(73) E(o) = 2a) + cos 2nd. 

The computation of the values of a, with sufficient accuracy to show that 
a, converges toward the limit zero and that the series representing H (@) is con- 
vergent when m increases without limit, involves difficulties due to the rapidity 
with which the curves a, =0 approach perpendicularity to the z-axis at the 
nullpoints. 

For example, we compute the third root of a, =0 by Horner’s method, 
carrying the remainders to eighteen decimal places, and find the values of a, 
and a, for this root as we obtain the successive approximations. These compu- 
tations are continued until the corresponding values of a, and a,3 give a negative 
value for ag, by the recursion formula. 

We find z,3 = 4.00133 +, and observe from the recursion formula that 


a, = 10 (49 — 4.00133) a, — a, = 450a;,—a,, approximately. 
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Kvidently a; will not become negative until 450a, is less than a,. When 
these values of a, and a, are found, z,,3; can be found as follows: 


(leg 

(74) 4 3232143580.000000 10100579,000000 
0 
0 
1 814029735.729124 2543960.282771 
3 88386514.036511 276223.188814 
3 15816887.536327 49430.563659 
6 13028 46.520815 4076.625965 
5 93341.361791 291.709237 
3 20771.043732 64.914147 
8 1418.958754 4.435519 
5 208.453440 0.655601 
8 15.932590 0.050815 
6 1.418526 0.005456 
5 0.209021 0.001676 
8 0.015500 0.001071 
6 0.000956 0.001026 
3 0.000231 0.001023 
9 0 000013 0.001023 
5 0.000001 0.001023 


Substituting the last results in (67), using 2,3 to eighteen decimal places, 


(75) a, = 10 (49 — 4.001336538586586395) .0.0000012 — 0.0010230 
= — 0.000490. 
Since a, is negative, zis too large by (63). 
Taking z to seventeen decimal places, 
' (76) a, = 10 (49 — 4.00133653858658639) .0.0000133 — 0.0010231 
= + 0.0049617. 
Since a, is here positive and in the former case negative, z,,3 lies between 
the two values taken. 


Zep 3 4.00138653858658639 +. 


Subsequent figures may be found as in (57) to (60). 


i 


150 Botts: The Elliptic Cylinder Function of Class K. 


Hence, 
5 
(77) E(o)=0.5 + a, cos2nH+0.0010231 cos 12+0.0000013 cosl4@+..... 
n=1 


The trial divisor in Horner’s process contained twenty figures when the 
contract method was used in determining the last fifteen figures of z To secure 
values for a, to a, that will satisfy the recursion formula, twenty-one decimal 
places should be used in all remainders and the contract method should be em- 
ployed later in the work. 

It will be noted that even with seventeen decimal places of z,,; accurately 
computed, a, is greater than a,,. It is evidently practically impossible to find 
a value for z,3 so near the exact root that a, a3, .---, @, shall form 
a rapidly decreasing series. Heine* remarks that when such a value is found, 


ay 


and therefore with increasing n, a, decreases rapidly to the limit zero Practically 
each succeeding figure of z,, ; must be found as in (57) to (60). 

For argument ’= 100, similar treatment will give like conclusions. As 
the pitch of the curves is greater at the nullpoints, more decimal places will be 
required and greater difficulties in computation will be encountered. 


The Best Values of b and z. 


To find a finite number of terms of 
(79) E(o) = $a + a cos 2 + a, cos 49 +.... 


that will give a good approximate solution of the equation 
PE(o 8 
(80) cos 2g + 42) = 0, 


it is evident from the preceding discussion that z,,; must be computed to four or 
more decimal places when 6 = 0.1 and to many more places when 6 is a larger 
number. It will be seen that small values of 6 are desirable; since the curves 
representing a, = 0 have a steeper pitch for larger values of 6, and consequently 
a larger number of decimal figures of z,,, must be computed in the latter case 
to obtain a, and a,,, small enough to satisfy the necessary condition given in 


* Kugelfunktionen, I, 411. 
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equation (4). Fairly good values of the coefficients of our series for b= 0.1 
have been found in computing z,, ; to 2,7. 


5 
(81) £,=0.5+ a, cos 2nd + 0.004242 cos 
‘ n=1 
+ 0.003259 cos 149 +..... 
5 
— 5.0524. #,=0.5+4+ a, cos 2nd — 0.055101 cos 12g 
n=1 


— 0.013109 cos 14g —0.002469 cos 16 — 0.001497 cos 189—.. 


5 
+ 5.5813. a, cos 2nd + 0.228301 cos 12p 
n=1 
+ 0.054866 cos 14 +0.009922 cos 16p + 0.003074 cos 18@+..... 


5 
t+ 14.5616. a, cos 2nd — 0.434188 cos 12p 


n=1 


— 0.131937 cos 14@ — 0.080213 cos 16@—..... 


5 
+ 20.4705. & a, cos 2nd + 0.627187 cos 12p 


n=] 


+ 0.233685 cos 14g + 0.039501 cos 16 + 0.005334 cos 18 
+ 0.002985 cos 20@9+...-. 


5 
Zong = + 27.1931. H,=0.5+4+ a, cos 2nd — 5.360337 cos 12p 
n=1 


— 2.830106 cos 14@ — 0.811261 cos 16g — 0.155902 cos 18 
— 0.027635 cos 20@—.. 


5 
= + 37.3476. H,=0.5+4+ a, cos +- 69.726061 cos 12p 


n=) 


+ 51.778903 cos 14 4+ 28.841160 cos 16 + 6.882976 cos 18 
+ 1.142740 cos + 0.166280 cos ..... 


It will be noticed in these equations, that, in general, the smaller the roots 
are algebraically the better are the coefficients obtained for an approximate 
solution in the form of a finite number of terms of the infinite series. From 
Fig. 5, we should expect the best approximations for H, and ,; and this is 
doubtless in general true, since the maxima and minima are here less numerically 
and the slopes of the curves at the nullpoints are not so great, but the possible 
difference in the fifth and subsequent decimal places of z,,,, ..--, 2,7 make 
it impossible to determine this fact definitely without further calculations. 

To obtain, for 6 = 10, as good approximate results as the above, the values 
of 251) +++) 7 Must be computed to eighteen or more decimal places and, 


for b= 100, to many more places. 
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As a general conclusion, it is evident that small values of 6 and z are the 


best values. 
General Proof of Convergence. 


Granting that a,, = /(4, z) = 0 is an equation of an infinite degree in the 
general form of equations (5) and that the coefficients of the series in (2) satisfy 
the recursion formula (3) for exact roots of a,, =0, we have shown that these 
roots can be computed to any desired degree of accuracy by rule (68). We must 


now show that the series in the solution E(~)=4a,+ % a, cos 2n@ is con- 
n=1 


vergent for values of a, computed for z,,, any exact root of a, = 0. 
Beginning with a certain a,,, definition (63) gives 


Am > 


An +1 4 An (70) 


(82) A, COs 
= (4a, +a, 008 2p cos 2(m— 1) >) 
+ (a, cos 2mp +....+ 4, Cos 
If a,, is the first term of the decreasing series that characterizes a root of 
Ae = 9 in definition (63) and satisfies relation (70), 
| |< |(4 +, cos 26 Cos 2(m— 1)¢) 
+ +a )I, 
substituting maximum values for cos 2m@g,...., and using the plus sign when 
the two parentheses are alike in sign, and the minus sign when they are of 


opposite sign. 


+ $e l<|a,(1+4+4 +....)|/=|2a,|. (70) 
The quantities a), a,.,.-.-, a4, are finite, since a, is a rational, integral 
function of z with finite coefficients; hence a,, a,,...-, a, must be finite for 


finite values of z. 


Hence, 
| H(o)|<!(Finite Sum + 2a,,)|, and 


E(¢) =24a) + > a, cos 2n is a convergent series and a solution of 


n=1 


dg” 


cos 2 + 42) B= 0. 


| 
| 


~ 


NNNN 


a 
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TABLE I. TABLE II. TABLE III. 
b= 0.1 b = 10 b = 100 
+ 0.0000} A,,| +0.00000 | Z,, | + 0.0000) A,,} + 0.00000 | Z,, | + 0.0000 A,,, + 0.00000 
| x 10! x 10? 
| | | | 
| | | 
—13.6509 A,,| —0.00000 | Z,, | — 0.0196 A,,| — 0.00002 | Z,, | — 0.0001, A,, 0.00004 
+14.6509 A,,| —0.00000 | Z,, | + 1.0196] A,,| 0.00002 | z,, | + 1.0001/ — 0.00004 
| | x 102 | | x 104 
| } 
| | | 
—16.2479 | A,,| —0.00002 | Z,, | — 0.0196| A,,| — 0.00013 | z,, | — 0.0001 Ay  — 0.00019 
+ 2.6470 | A,, —0.00000 | Z, | + 1.0163/ A,,| — 0.00006 | Z,, | + 1.0001 A,,| — 0.00009 
+18.6009 +0.00002 | + 4.0033] A,,| + 0.00071 | Z,, | + 4.0000, A,,, + 0.00020 
| x103 | x 106 
| | | 
— 16.8064} A,,, —0.00000 Z, | — 0.0196} A,,| 0.00112 | Z,, | — 0.0001 A, 0.00179 
— 2.8853 A,,| +0.00002 | | + 1.0163) A,| — 0.00082 | Z,, | + 1.0001 Ay 0.00079 
+12.3932 | A,,| +0.00000 | + 4.0013] + 0.00110 || Z,, | + 4.0000 Ay) 0.00040 
+21.2985 A,, | —0.00001 Z,, | + 9.0019 Ay,| — 0.01295 | Z, | + 9.0000 — 0.00359 
| | x 104 | x 108 
| | | | 
16.8984 —0.00015 | — 0.0196 | 0.01875 | Z,, | — 0.0001 — 0.02879 
| — 4.6582 A,,/ +0.00003 | + 1.0163/ A,,| 0.00476 | | + 1.0001 A,,| 0.01199 
| + 7.7970 A, | +0.00001 | + 4.0013) + 0.01315) | + 4.0000) 0.00480 
+18.0760 —0.00002 | Z, | + — 0.09021!) | + 9.0000 0.00719 
+ 25.6784 | +0.00034 Z;, | +16,0014| + 0.28200 | Zs, | +16.0000/ + 0.14400 
x 106 x 1010 
| | | 
—16.9011 | Ag, | —0.00013 Z,, | — 0.0196| A,,| — 0.52699 || Z, | — 0.0001|A,,; — 0.71997 
— 5.0133 | Ag, | +0.00008 | + 1.0163 — 0.08015 || | + 1.0001) Ay) — 0.28791 
+ 5.9979 | +0.00004 | + 4.0013 | + 0.27626 || | + 4.0000/ 0.10080 
+15.7525 | Az, | —0.00002 | Z,, | + 9.0005/ A,,| — 1.44069]/ Z,, | + 9.0000) A,,| — 0.11520 
+ 21.9884 | +0.00003 | | +16.0003| A,,| + 1.59149 || Zi, | +16.0000/ + 0.28798 
+ 33.1754 | Ag | —0.00074 %q | +25.0011| Ay, | —10.02866 || | +25.0000/ 8.83001 
| | | x 106 x 1012 
| | | 
—16.9015 | A,, | —0.00109 Z,, |— 0.0196} A,,| — 16.90346 || Z,, | — 0.0001' A,,| —25.91922 
— 5.0500| A.,| +0.00008 4%, + 1.0163) A,,| — 3.86381 || Z, | + 1.0001 —10.07714 
+ 5.6193, +0.00000 Z, + 4.0018, A.,| + 3.33886 | Zig | + 4.0000 + 3.22567 
+14.7525 A,, | —0.00004 Zi, + 9.0005 — 7.26793 Z,, | + 9.0000 — 3.11034 
+20.7688 | +0.00006 + 16.0003 A, | + 31.69049 || | +16.0000/A% 76028 
+ 28.6580 | A, —0.00021 Zig  +25.0002 —196.55479 || Z, | +25.0000| A,  —20.16004 
+43,1526 | A, | +0,00348 Z;, 36,0009 | + 1084.83159 || Z,, | +36.0000| + 1088.63940 
| x 107 | | x 10" 
& | | | 
— 16.9015 | | Zn 0.0196! Z| 0.0001 
— 5.0524 | | + 1.0168 Zp + 1.0000 | 
+ 5.5813 | | + 4.0013) | Zz, 3| + 4.0000 | 
+ 14.5616 | | + 9.0005 | + 9.0000 | 
+20.4705 | | Zan, + 16.0008 | Zp ,| +16.0000 
+27.1981 | | Zing + 25.0002 Zig + 25.0000 | 
+87.3476| | Zip +36.0001 | | +36.0000 | 


Zs 
Zsy 
Zs 
ds, 
16 
Lip 2 
Lp 4 
6 
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TABLE IV. TABLE V. 
| 
b=0.1 + 6 = Max. | — + B = Max. 
B = Min. = Min. 
| 
| | 
a, = 0, 0 B a a= 0, B, —0 | B 
| | | 
| | | | | 
Z,, | —13.6509 || | — 0.0196 | 
| | — | + 0.5 |) = 
Zo | +14.6509 Zoy | + 1.0196 | 
| | | 
| | | 
Zs, | —16.2479 | | — 0.0196 | 
| — 84 — 292.6 | — 1.17040 | | + 0.4 — 011] — 
Zy, | + 2.6470 | Zy | + 1.0168 | 
+ 218.2 | + 0.87280 | | + 2.8 + 0.75] + 
| +18.6009 | | + 4.0088 | 
i| | 
Z,, | —16.8064 | || Za | — 0.0196 | 
| —11.4 | — 497.4 | — 1.79071 || + 0.4 — 0.10} — 
Zy. | — 2.8853 | Zy | + 1.0163 | 
+ 4.4] + 289.6] + 1.04256 || | | + B29 + 0.52] + 
| +12.8982 | Zy, | + 4.0013 | 
+17.8 | — 188.0 | — 0.67680 || | +77) — 848!) — 
Z,, | +21.2985 | Z, | + 9.0019 | 
| —16.8984 | | — 0.0196 | 
—12.6 | — 708.8 | — 4.08311 | +04) —0.10) — 
Z, | — 4.6582 | Zp | + 1.0163 | 
+ 0.7) + 252.4] + 1.45433 || 1 +27! + 045) + 
Zi, | + 7.7970 | 45g | + 4.0018 | | 
+12.9 | — 156.7 | — 0.81259 } +70; — 196) — 
Z,, | +18.0760 + 9.0005 | 
+22.7 |] + 192.9] + 1.11110 | +18.7 +15.84 | + 
| +25.6784 | +16.0014 | 
| —16.9010 — 0.0196 | 
—13.0 | —1137.2 | —16.57613 | | + 0.4 
Zep | — 5.0133 Zep | + 1.0163 | 
— 0.5 | + 205.5 | + 2.96017 | | + 2.6 + 0.88] + 
Ze, | + 5.9979 Zea | + 4.0013 | 
+ — 86.1] — 1.24016 +69 141) — 
| +15.7525 Ze, | + 9.0005 | 
+19.2 + 49.1] + 0.70738 | | +18.4 + 7.20) + 
Ze, | +21.9884 Zo, +16.0003 | 
+29.8 | — 497.6 | — 7.16590 | | +223, 69.383) — 
| +88.1754 | +25.0011 | 
| 
Z,, | —16.9015 Zn | — 0.0196 | | 
—13.3 | —1227.4 | —63.63132 + 0.4 — 0.10 — 
Zn, | — 5.0500 Zn, | + 1.0168 | | | 
— 1.0 | + 165.9 | + 8.60357 | | +26!) + 085] + 
Z,3 | + 5.6198 Zs | + 4.0013 | 
+91] — 47.0 | — 2.44122 +69) — 114) — 
Zi, | +14.7525 he | + 9.0005 | 
+17.8 | + 23.2] + 1.20588 +13.2) + 4.51) + 
Z,, | +20.7688 | +16.0003 | | 
+25.7 | — 152.1] — 7.87878 | | +21.9, —26.29, — 
+ 28.6580 Zig | +25.0002 
+39.5 | +41481.7 | +74.22189 + 84.0 | +1551.99 
Z| +48.1526 | + 36.0009 


a, = 0" (n — 1) a 


(n—1)/28 


0.00130 x 104 


0.00048 x 108 


0.00300 x 106 


0.00036 x 10° 
0.00187 x 10° 


0.01235 x 108 


0.00062 x 101 
0.00261 x 101 
0.01134 x 10” 


0.09129 x 101° 


0.00153 x 10!2 
0.00558 x 1012 
0.02041 x 101? 
0.10364 x 1912 


0.99847 x 1012 


0.00547 x 1014 
0.01850 x 1014 
0.05941 x 1014 
0.23393 x 10" 


1.36291 x 101 


480.45680 «104 


| 
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On Elliptic Modular Equations for Transformations of 
Orders 29, 31, 37. 


By Artuur Berry. 


§1. Introduction. 


The problem of the transformation of elliptic functions gives rise to the 
problem of calculating modular equations corresponding to a transformation of 
any order; 7. ¢., of algebraic equations connecting some modular function of the 
ratio of the periods (7) with the same function of the ratio of the transformed 
periods, which can in general be taken to be nt, or t/n, where n is the order of ° 
the transformation. Jacobi* used the modular function u=<k, for which 
Hermite introduced the notation $(7), and computed the modular equations for 
n = 8, 5, as rational equations between w and the transformed modulus v= »/ A. 
Sohncke f subsequently dealt with the cases of n= 7, 11, 18,17,19. As far as 
I know, no higher cases have been worked out in this form, but a large number 
of modular equations have been worked out in terms of various irrational 
functions of k, 2 conjointly. The two most extensive sets of equations have 
been given by Schroeter, { who used irrational functions differing from order to 
order and computed the equations for prime orders up to 31, as well as for cer- 
tain non-prime orders, and by R. Russell,§ who worked systematically with the 
functions kA, k/A’ and their square roots and fourth roots and obtained equations 
for prime orders up to 59, with the exception of 41 (for which case his work is 
not quite finished) and 37, as well as for several non-prime orders and for 
various higher prime orders. A number of irrational modular equations were 
also given a little earlier by EH. W. Fiedler || in his inaugural dissertation. 


* Fundamenta Nova, §§13, 15. 

{ Crelle’s Journal, vol. 16 (1836). 

{ De Aequationibus Modularibus, Konigsberg, 1854, and Crelle’s Journal, vol. 58 (1860). 

§ Proceedings of the London Mathematical Society, Series I, vol. 19 (1889), vol. 21 (1891). 

|| Ueber eine besondere Classe irrationaler Modulargleichungen der elliptischen Functionen. Ziirich, 1885 
also in Wolf’s Zeitschrift, vol. 30. 
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In 1858 Hermite* introduced a new modular function y(t)= (ki). The 
corresponding modular equations were given by Schlaflit for prime orders up to 
19, and the equations frequently bear his name; the case of n= 23 was given 
by Weber f{ as an illustration of the theory of complex multiplication. 

Klein, in a well-known paper,§ considered the modular equations formed with 
the absolute invariant J, and gave explicit formulae for J and the transformed 
function J’ as rational functions of a parameter, in the cases n= 8, 4, 5, 7, 18. 
In the same volume Gierster worked out the remaining cases in which the modular 
equation is of deficiency zero; viz., the cases of n= 6, 8, 9, 10, 12,16, 18, 25. 

A comparison of the modular equations formed respectively with J, u, y 
shews that the first are functionally much the simplest and the last the most 
complicated. For example, the deficiency (genus) of the wu, v equation for n = 3 
is already 7, and for n= 5 is 15; while the deficiency of Schlafli’s equation for 
nm=6 is 23. But the order of numerical simplicity is the reverse. The modular 
equation in J for n=3, which I believe to be the highest which has been 
explicitly calculated,|| consists of 17 terms and contains the numerical coefficient 
2", 5°. 22973; whereas for the higher case of n=5 the wu, v equation consists 
of only 6 terms with no coefficient greater than 5, and the Schlafli equation (with 
a slight numerical modification) assumes the extremely simple form 

+ xy + = 0. 

The object of this paper is to establish what I believe to be a new property 
of the Schlaéfli modular equations (§3), and to compute the equations for the 
cases n = 29, 31, 37, the last case being one for which, as far as I know, no 
modular equation in any form has been computed. 


§2. The Modular Function x(t). 


I find it convenient for numerical purposes slightly to modify Hermite’s 
function and to work instead with 


9-1/6, (kk’) == 9-1/6 y(t) (1 + er"). 


* Sur la résolution de l’équation du quatri¢éme degré, Comptes Rendus, vol. 46 (1858), reprinted with other 
papers in the pamphlet, Sur la théorie des équations modulaires et la résolution de l’équation du cinqui¢me 
degré. Paris (1859). 

+ Crelle’s Journal, vol. 72 (1870). 

tIn his book Llliptische Functionen und Algebraische Zahlen, § 99. 

§ Ueber die Transformation der elliptischen Functionen und die Auflosung der Gleichungen fiinften 
Grades, Mathematische Annalen, vol. 14 (1879). 

| It is given in a slightly different notation by H. J. 8. Smith, Proceedings of the London Mathematical 
Society, vol. 9 (1878), and Collected Mathematical Papers, vol. 2, p. 242. 
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This is the reciprocal of Weber’s function f(a); I denote it for convenience 
by 2(v), and denote the corresponding transformed function a(nr) by y, so that 
the required modular equation appears as an equation in z and y. 

It is known that x (—!/¢) =a(t); «(2+ 7)=ex(t), wheree=e""™, The 
modular equation for a transformation of prime order n, greater than 3, is of 
order n+ 1 in either x or y and symmetrical in them. The n+ 1 values of y 
are y, =a(nt), and y,=x((487 + 7)/n) (r= 0,1...-n—1). When vanishes 
all the values of y vanish also, and the corresponding approximations are given 
by y"=a,and y=2". Also the modular equation is unaffected if x is replaced 
by ex, y by e"y; since a term y"*! rust occur, it at once follows that if a term 
x y® occurs a + nB=n-+1, mod. 48. The high modulus of this congruence 
explains why the number of terms is small compared with the number in the 
corresponding u, v or J, J’ equations. Further by means of the quadratic trans- 
formation {7v, (1+ 7)/(1— 7)} it can be shewn that the modular equation is 


unaffected if in it we write 27? “1, (*) 2-1? y for x, y respectively,* where (2) 


is Legendre’s symbol and denotes + 1 or — 1 as~z is of the form 8m+ 1 or 
8m + 8. We shall refer to this property briefly as reciprocity. 

These properties enable us to write down the possible terms in the modular 
equation, and to assign coefficients to four of them; viz., we always have the 
four terms 


+ — xy — (=) gin—1)/2 fs 


moreover, a large number of the remaining coefficients are not independent, since 
the coefficient of x*y* is equal to that of * y*, while that of 2"t1~* y"*** can be 
at once derived from either by reciprocity. Lastly, the coefficients are all 
integers, and save for the four ‘‘known”’ terms just written down, they are all 
multiples of n. 


§3. The Branch Places of the (x, y) Modular Equation. 


The approximations at the origin and at infinity given in the last paragraph 
show that y, regarded as a function of 2, has at x=0 and «=o n branches 
which are cyclically permuted when = describes a circuit round the place, and one 
distinct branch; in other words, the Riemann surface has at each of the places 
x = 0, «=o a winding-point of order and an isolated sheet. 


* These properties and their proofs are all to be found in Weber’s book. 
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The remaining branch places are given by x* = 2~°, or r = 7+ 2p, where p 
is an integer. To prove this and to investigate the nature of the branching let 
us first consider «= 2-4, ¢ = 1. 

The substitution or (t,—1/7) applied to leaves x (7) unchanged, and a 
slight modification of a familiar process shows that this substitution interchanges 
the roots y, y,, of the modular equation and also the roots y,, y,, where 

1+ 487. 7r.s=0, mod. n. 
Thus y,, becomes 
a(nTr) = «(—n/t)=2(t/n) = 
Further, 7, becomes 


(= ‘= 1 — 48°. 8+ 487 (485 + 


nT 


If now we choose s a positive integer less than n to satisfy the congruence 
1 + 48° rs =0, mod. n, say 1 + 48’rs = cn, where ¢ is an integer, we have 


— 48s+ nr, /’ 


where 7, is written for 7(48s+7)/n. This expression is of the form 
(¢ + dr,/a + br,), 


where a, b,c, d are integers such that ad — be = 1; also b,c are odd, a,d are even, 
and b—c=n2 — = 0, mod. 48, since n is a prime 
number other than 2 or 3. Hermite’s formule for linear transformation of the 
function x(t), or x (t),* show that our expression reduces to x(z,) or y,. Now 
the congruence 1 + 48’7s=0, mod. n, always admits of a solution for any value 
of r from 1 to n—1, since m is prime to 48; also the congruence is symmetrical 
in 7, 8; hence in general the substitution 7’ permutes the two roots y,, y,. The 
exceptional case is when r coincides with s, in which case the corresponding 
root is unaffected. The congruence 1 + 48?77=0, mod. n, evidently admits of 
solutions under the same conditions as the congruence 1 + 7°=0, and therefore, 
by a well-known result of the theory of numbers,f there are two solutions or 
none as 7 is of the form 4p +1 or 4p— 1. Hence the substitution 7 applied to ¢ 
interchanges in pairs m — 1 or n + 1 of the roots of the modular equation, while 


* See for example Tannery and Molk’s Théorie des Fonctions Elliptiques, vol. 2, Table XLVI. 
+Mathews’ Theory of Numbers, § 87. 
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there are two or no isolated roots. Since 7i=7 and x(i) =2-4, we thus see 
that: 

When «=2°™*, the Riemann surface has (n—1)/2 or (n+ 1)/2 simple 
winding-points, at each of which two roots are interchanged, while 2 or 0 sheets are 
distinct, according as n is of the form 4p + 1 or 4p — 1. 

Further, it can be shown that the two isolated values of y, when they occur 
(i. e., in the case n = 4p +1), are always equal to the value of x multiplied by 
+1or +2. This can be established by using the quadratic transformation 
(x, Trt = , of which 7=7 is a fixed point. This substitution converts x into 
2-1? 7-1, x (nz) into 2-1? /a(nt).* Now if 


—n n(—1+7) 


+ 487) /n} = 1 + 487 + (1 — 48r) 


Choose r so that 1 + 487° =0, mod. n, or 1+ 48? 7° = nn’, where 7’ is an integer. 


Then our function becomes x + , (where t,=(7 +487) /n), which 


is x te) where Ut = and 2a =—1—48r-+n’', 2b=1— 48r +n, 


a+ br 
2c=—1— 48r+n', Wd=—1+4 48r+n. Herea, b,c, d are integers satis- 
fying the relation ad — bec = 1, and it is easy to verify that (a +d) (abd —c)=24 
or 0, mod. 48, according as 1 is of the form 8p — 3 or 8p + 1. Hence x = 


= 2°? /x (Ut,) = . (¢,) by Hermite’s formulae for the linear trans- 


formation of x (7). 
Now if t=1, t!/ = 7 also, so that we have proved that for this value of ¢, 


¢ 2-7 /y,, where r is either root of the congruence 1 + 48°7?=0, 


mod.n. Thus, if n= 8p— 3, y,- = +124, and, ifn=8p+1, +2" 
Moreover, the two isolated roots of the equation, corresponding to the two roots 
of the congruence, are of the form x(+ a+ 7), so that by a known result one 
is always conjugate to the other. Hence in one case the two isolated roots are 
i2-* and —i2- respectively, and in the other they are both 2-”* or both 


* Weber, loc. cit., § 76. 
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I have not succeeded in finding any simple criterion distinguishing these 
last two cases. It is however quite easy in any concrete case to reduce 
Y, =x {(t + 487r)/n} by continual application of the substitutions 7’ or —1/t) 
and S* or (7,2+ 7) to the form ex(z). For example, if n= 113 the roots of 
the congruence are 7 = 35 or 78; now using in succession the identities 
1=113.85, 727+ 1= 85.61, 61.41, 32?+ 1= 41.25, 1 
= 25.18, 8? + 1= 13.5, we obtain 


113 113 


=e >) = =2-"*, so that in this case = 24. 


I have tested in this way all the primes of the forms 4p + 1 up to 118. In 
all those of the form 8p—8, 2 is +6 in accordance with the theory; for 
n = 17, 41, 97, 2 is 12; and for n= 73, 89, 113, 4 is 24. 

It is obvious that exactly like properties hold at each of the 24 points given 
by «4 = 2°, and it is easily seen that there are no other branch places, since a 
branch place is clearly a fixed point of a substitution belonging to that subgroup 


of the modular group (=,° i. ter) which leaves z(t) unaltered. From the known 


properties of the modular group it readily follows that of the three fundamental 


+ of the modular group, the last 


singular points T=14, T= 


gives rise to no fixed point of a substitution belonging to our subgroup, while 
the first two give the branch places 0, » , «/2~° already considered. 


| 
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§4. The Modular Equation for n= 29. 


Using the properties quoted in § 2, we have for the equation 
+ (1 — 2 4%) 
+ 29 (a! yt + y!) (1 + 28 
+ 29 (2% y+ + y") (1— 2% ay”) 
+ 29 y? + d, x dy + d, y®) (1 + 2 ay’) 
+ 29 4 Bt y +e, xy”) (A — 2? at y*) 
+ + 29 + ye + = 0, 


where a, b, ¢, C,, d,, de, 1, 2, 3, A, fe are eleven integers which have to be 


determined. 

Substituting for x, y the q functions, 
g’"/(1+q¢") (1+¢”)...., we have an identity in g. 
divide by zy so as to get rid of fractional powers, and then to multiply by a 
power of (1+ q) (1+4°)..-.-, so as to avoid as far as possible high indices in 
the binomials. If we retain only terms up to q° we have 5 equations giving in 
succession ¢,;=1, d,=9, c,= 27, 6==-23, a=7. 

We next consider the factors of the modular equation corresponding to the 
case of complex multiplication given by y=z. Making this substitution and 
writing for brevity z for a*, the modular equation reduces to 

=— 1+ 29a2? + + 29C2# + 29D2 + + (2 + 29F)z' 
— 2, 29.H.24+....4 0, 


where C= 2e,+¢,, D=2(d,+4,), H= 2e,+ 2e,+¢, F=2(f,+f), and 
the coefficients not written down can be at once supplied if wanted from 


qg/@/(1+q) (1+ and 


It is convenient to 


reciprocity. 
1. Corresponding to the expression of 29 as the quadratic form 4? + 13, 


we have 


and it readily follows that 
+ = et (4 + 13) = 2 (6 + iV 138. 


(— 4+ 1/713) = + iv/13), 


Thus y=a( when and similarly 
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Thus z=2*(6+4+i713) is a repeated root of =0. But the modular 


equation for n = 13 gives 13) = o that z - 


; ration- 
alizing this we have 42” 
2. Similarly from the expression of 29 as 1” + 28, we deduce 
28 144 iV?) = 
x ( 2-99 =ela(w7), 


whence 


2. 
and similarly y, = for the same value of the argument. From the modular 
equation for n= 7 we have 2(i7 7) = 1/2, so that z=at(6 +i0/7) =— 1/4; 
we have therefore the repeated factor 42— 1, and by reciprocity we have asso- 
ciated with this the factor z+ 1, and therefore the repeated factor 42? + 3z— 1. 


29 = 2 29), t.€. =x, when = iv 29; 


29 
and there are also associated with this two values eat = 
have respectively y, =a and We might quote the values of «(iv 29) 
from Weber’s table,* but | purposely use only results connected with modular 
equations of lower order than the one under discussion. 

We have now accounted for all the factors of /(z), so that 
—f(z) = (1 + 62— 42) (1 + 82 — 42) (1 + az + B2 + — 2” BA 
+ 2! 282°), 
where the last factor corresponds to the values just discussed. 
Equating coefficients of z, 2’, z’, we have 
Oo=—18+a 
— 29a = 101+ 18a + 6B 

— 58b = 108 + 10la + 188+ y, 

whence, a and b being known, a=—18, @=20, y=16. We have thus 


3. We have obviously x 


, for which we 


shown that x (i+/ 29) satisfies the sextic equation 
1 — 182 +4 202 + 162°— 27. 202 — 24. 182°— 2° 0, 


which agrees with Weber’s equation. 


* Loc. cit., pp. 499-504. 
22 
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Equating coefficients of 2‘, 2°, 2°, 2’, we now deduce 


C=8, D=—3876, F=432, F=2,966, 
whence 
— 46, d,=—197, A+ f= 1,483. 


We now want one more equation connecting e, and e, and one connecting 
f, and fz. These might be obtained from the complex theory arising from 
y= ex or y=ex, and I originally obtained the missing coefficients by this 
method; but it is perhaps a little simpler to use the property given by §3. 

When +t=i, or x= 2°“, two of the roots of the modular equation are 
isolated and equal to + 72-4; the rest are equal in pairs. On substituting 
a = 2-"* and, for convenience, y = 2-*y, we have consequently 


1+ (2. 29.¢e,— 2") + 7? 2.29 + 7°. 2°. 29 + nt. 2.29.6 
+ 75. 29 (25a — 2e,) + 7°. 29. + 77.2.29 + 7°. 2%. 29. d, 
+ 7°. 27.29 + 7.29. + 246) — 29.e@+7". 29.7, 
+ 7389.29. 2%. 29. dy + 0 + 2%, 29 7". 2. 29.6.... 
+ (— 2.29.4 +2) + (1 +7’) (1 thant ken’ + key’.... 
+ — + — + — Ign? + hyn — 


Equating in this identity the coefficients of 7, 7’, . . . . n°,we obtain successively 
k, =— 35, kh =— 91, =—18, ky = 44, kh, 46. Equating coefficients 
of 7°, 7°, we obtain 4,=100 and k,= +54. Kquating coefficients of 7°, x’, 
we then obtain /, = 185, e, = 0, whence, from the values already found, e; = 430, 
fo = 1298 = 2.11.59. Thus all the coefficients of the modular equation have 
been obtained. If in our identity we further equate coefficients of 7", 7!', 7”, 
n'®, 74, we obtain 5 new relations between the coefficients which may serve as 
equations of verification. 

Collecting the results, we see that the modular equation for n= 29 is 
of the form written at the beginning of this paragraph, with the numerical 
coefficients : 


a=7, 6=238, q=27, qg=—46, d,=9, d, = — 197, 
€:=1, @=0, e430, 185, 1,298 = 2.11.59. 
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§5. The Modular Equation for n= 31. 
As before, the equation is 
— ay (1 + 2° a 
+ 31.a. at y* (1 + 2” 
+ 31(b, + 74 (1 + 2° 
+ 81 + + y + y + a7 (1 + 2° 
+ 31 (d,a% y + dp + y +d, 4d, yl + dy a5 
+ d, xy”) (1 + 2 y’) 
where a, Co, C3, de, Ay, are fourteen integers 
to be determined. 

If we substitute, as before, the g-products for a, y, divide out by zy, 
multiply by {(1 + q) (1+ q°)....}*, and expand as far as g’, we find successively 
d=1, =8, b=138, a=3, = 25, d= — 256, — 205. 

Let us consider next the complex multiplications of the type y= «x, which 
arise from the resolutions 31= 2?+4+ 27, 31=4%+15. We verify at once 
that 27)/31| = 24+ iN 27), so that ea(in/27) satisfies 
the equation y= ex. From the known modular equation for n = 3 we find that 
z= 2° 27) satisfies the cubic equation 1— 60z + 482° — 642 = 0. 

Similarly y, =a{(9.48 + 6 + i715)/31} = + i715), so that 
x (6 + t/15) = ex (t/15) is also a solution of y=e’x. From the modular 
equation of order 19 we have 2°(i0/19) = 
fies the quadratic equation 1— 24z + 642°=0. 

If in the modular equation we put (to avoid imaginaries) x= cé, y= &*E, 
we get an equation of degree 10 in z=£€*, satisfied by x°(t/19) and a°(ia/27), 
of which we have just found a quadratic and a cubic factor. Using reciprocity 
we obtain the remaining factors. 

We thus have the identity 
1 — 3laz— 31C' — 31D! 44+ (1 22! 

= (1— 60z + 482°— 642’) (1— 6z 4+ 602 — 82’) (1— 242 + 642”) (1— 3242’), 


so that z= 2° (iv 19) satis- 


where B= —b,4+ bh, 6, 
D' = 2d, — d,— d; + — — €3 + &. 
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Equating coefficients, we obtain 


a = 3 (verifying the previous result), 
Bi=—71, C'=834, D’=—6,100, = 24,295; 
whence 
b, = — 64, 637, d,— d= 6,358, + €3 — 24,245. 
We can now obtain two more equations from the complex multiplication of the 
type y=«a. It is easily verified that if 


each of =x 


— 


is equal to x«(v); so that 2(+ +>) is a repeated root of y=~z, and this 


quantity is well known to be 2-”°. We have also obviously 

so that x(i</31) is another root of our equation, but we do not assume this 


quantity to be known. 
Using reciprocity, we now have, on putting y= in the modular equation, 


and then writing z for 2°, 
(1—3laz— 31 31 CH —31 — (24 2" 
=(1— 22)? (1— 42)? (1 taz+ B2 + y2 + 2° + 2% az’ + 2° 2°), 
where a, 8, y are at present unknown, and 


B= 2b, + b, = — 38, C= 2c, + 2c, + c; = 243, 
D= 2d, + 2d, + 2d; + d,, E = 2, + 2e, + + &. 


= «(iV 31), 


Equating coefficients of z, 2, 2’, we have 


a —12=— 31.a, B— 12a + 52= 31. 38, 
y— 126 + 52a— 96 = — 31. 241; 
whence 
a =— 81, B= 154, y = — 1,377. 


Equating coefficients of z‘, 2°, we deduce 


D=— 1,084, EH = 3,598 ; 


whence 
d,= 1,928 = 2%. 241, d, =— 4,480, = 17,346 = 2.3.72.59, & + =— 6,899. 
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We have shown incidentally that z= 2° (t/31) satisfies the equation 
1— + 1542? — 1,38772 + 2%, 15424 — 2°, 812° + = 0, 


agreeing with Weber’s result. 

We still want one more equation connecting e, and e,. This can be obtained 
from complex multiplication of the type y= «x. Corresponding to the resolution 
31= 5° + 6, we easily find that if 

T= iV 6, = «x (7), 
so that «(— 1+ i/6) is a solution of y = ex. But from the modular equation for 
n=7 wehave x°(—1+in/6) = —a/2)/4. If therefore we put y=ex and 
then 2° =<«*z, the resulting equation in z is satisfied by (2—»/2)/4. The 
equation is 


—1— 2% 24 Biaz(1 + 2" 2) + 31B" 2 (14+ 2°92) + 310" 2 (1 + 2% a) 
+ 31D" 24 (1+ 232) + (—14+ 31£")2 =0, 
where 
B" = b, + by, C" = — 
D" = — 2d,—d, +d; +d, H"=— 2e,— + &. 


Putting z= (2 —»/2)/4 and substituting the known values of a, B’, C”, D", 
we obtain 


E" =7,903, whence e,—e,= 9,393, 
and, since we know e, + ég, 
é, = 1,247, €3 = — 8,146. 
Summing up the results, we see that the modular equation for n = 31 is of 


the form written at the beginning of this paragraph, with the numerical 
coefficients : 


a=3, 6=13, b=—64, q=8, qg=— 205, 637 = 7’. 13, 
d=1, 256, d,=1,9298= 241, d,=— 4,430, = 25, 
== 1,247 = 29 . 43, — 8,146, 59. 


I have checked the accuracy of these results by carrying the expansions as far 
as g®, and further by verifying that when x= 27", the roots of the 
modular equation are all equal in pairs. 
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§6. The Modular Equation for n = 37. 


The equation is 
— ay (1— 2" 
+ 87 (a, + a, 2° + y® + + a, at y+ a, vy”) (1+ 2” 
+ 37 y + + bg x”! + by + bs + b, g/l + b, 
+ b, gill y's + + b, 4+ bs + b, + b, (1 — 28 
+ + 4 37 (ce, + +.... + 4+ yP4+.... 
+ c, 24 y* + c, 2? y*) = 0, 
where G3, b,..--, b;, are nineteen integers to be determined. 
If we substitute, as before, g-products for 2, y, divide by xy, multiply by 
1+ 1+ q°*)....}” and expand as far as qg”, we get in succession 
q f p g 


= ay; = 5, = 3, b, = — 108, 
a, = 51, == 119, bg = — 333, a; = 133, 
Cz = 2,073, b, = 540, C, = 16,558, b; = 4,806, 


and have also one superfluous equation serving as a verification. 

It is now possible to complete the calculation by means of the property 
of §3. When r=i,2=27'", we have two isolated roots, viz. y= + 12-4, 
of the modular equation, and the other roots are equal in pairs. If therefore 
we put x= 2-4 y= 27-"*y, the left-hand side of the modular equation reduces 
to 1+~’ multiplied by the square of a polynomial in 7 of degree 18. By 
reciprocity only 9 coefficients in this polynomial are independent, and by means 
of the known coefficients a,, a3, ..--, bs, %, they can readily be 
computed by equating coefficients, or by extracting a square root. The left- 
hand side of the modular equation is thus found to reduce to 

(1 (1 — + 143n? — 432n? — 270n' — 79275 — 1,0267° 

— 864n'— 605n°— 9007? + 605r" — 8647"... 
Equating coefficients of 7", 7", 7”, 78, we obtain in turn 
Cs = 66,994, b, = 11,556, Cg = 157,454, b, = 15,031, 
C; = 221,234, Cg = 179,655, Cy = 88,617. 

By equating the coefficients of 7, 7!’ we have two equations of verification. 

Thus, finally, the modular equation is as written at the beginning of this 
paragraph, with the numerical coefficients: 

a,=5, a,=—51, —108, b= — 333 
=— 3.37, 0,=4,806=2.3°.89, 11,556 = 2. 3%. 107, 
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b, = 15,081, 2,073=>3.691, = 16,558 
= 2.17.487, c,=66,994=2.19.41.48, c,=157,454—= 2.11.17. 421, 
Cy == 221,234 = 2.13.67.127, cg=179,655=3.5.7.29.59, cy= 88,617 
= 3.109.271. 


We can now use complex multiplication for further verification of the 
coefficients. I have in fact worked out most of the cases, but I reproduce only 
one. Corresponding to the resolution 37 = 3” + 2”. 7, it is easily verified that, if 
T= Ys = = so that a (2+ is a repeated 
root of the equation y=«. Making this substitution in the modular equation 
and writing for brevity z—2”, we have 


Az) =1— 2" — 37Az (1 + 2" 24) — 37Be? (1 — 2° — (2 + 870)2 =, 


where 
A=2(a,+a,+4;) +b, C=2(e+....+ a). 


From the modular equation for n=7 we have «x (iW’7)=2-"*, whence 
z= — 2°; associated with this by reciprocity we have z= 1. 

Thus /(z)=(1+ 632 — 2°2)? (1+ 2°), where the second factor 
corresponds to z= 2" (ia/ 37). 

Giving A its known value 378 and equating coefficients of z, we have 
A=— 14,112. Equating coefficients of 7, 2, we have B= 47,955, 
C= 1,465,414, agreeing with preceding results. The residual factor gives 


8z = — 882 + 145/37 = (vV/ 37 — 6); 
so that 
(in/ 37) = 37 — 6, 
which agrees with Weber’s result. 
I have to express my thanks to Miss H. P. Hudson, of Newnham College, 
who has helped me materially by carrying out some of the calculations 
independently. 


Kin@’s COLLEGE, CAMBRIDGE. 


On Translation-Surfaces Connected with a Unicursal 
Quartic. 


By EIESLAND. 


In a paper published in Vol. XXIX of the American JOURNAL OF MATHE- 
maTics I have found and discussed all the types of algebraic translation-surfaces 
that can be generated in four different ways. Surfaces that admit of such fourfold 
generation were discovered by 8S. Lie, who in a series of papers* made known 
their general properties and method of analytical representation. A historical 
introduction to this interesting subject may be found in a paper published by 
Georg Scheffers in Acta Mathematica, Vol. 28, 1903, where also an independent 
treatment of certain parts of the theory is given. 

With the exception of two theses by R. Kummer and Georg Wiegner +} no 
detailed study of these surfaces has been undertaken, although, as G. Scheffers 
remarks,{ such investigations promise sufficient results to justify the effort. 

Owing to the large number of types of translation-surfaces admitting of 
fourfold generation, I limited myself in my former paper to the consideration of 
algebraic surfaces, reserving the investigation of transcendental surfaces to these 
and future investigations. 

As is well known, all surfaces of this kind are closely connected with a 
quartic curve, irreducible or not, in the plane at infinity. All surfaces corre- 
sponding to projectively equivalent quartics are said to belong to the same type. 
It was found that all algebraic surfaces correspond to a unicursal quartic having no 
double or triple points with distinct tangents. (The correspondence here mentioned 
will be explained in what follows.) 

The remaining unicursal quartics give rise to transcendental surfaces, the 
study of which is the object of the present paper. 


* Berichte der Koniglich. Sach. Gesells. der Wiss., 1896 and 1897. (See Bibliography.) 
+Georg Wiegner, Dissertation. Leipzig, 1893. 
t Acta Math., vol. 28, 1904, p. 90. 
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Since the whole theory, according to Lie, is intimately bound up with 
Abel’s theorem, the following pages may also be looked upon as a study of 
Abelian Integrals of the first kind with respect to a unicursal quartic. 

The method of constructing translation-surfaces with a fourfold mode of 
generation is based on a theorem by Lie,* viz. : 

If on a translation-surface that can be generated in more than two ways we 
draw tangents at any point along the four generating curves, the intersection of these 
tangents with the plane at infinity is a curve of the fourth order. 

Conversely, if we suppose given in the plane at infinity a curve of the fourth 
order, there exist always infinitely many (0 *) surfaces generated in four ways, 
whose tangents along the generating curves cut the plane at infinity along the given 
curve. 

The coordinates of these surfaces are expressible as the sum of any two Abelian 
integrals with respect to the four points of intersection of a variable straight line 
with this quartic curve. 

Every direction in space is determined by a point in the plane at infinity ; 
the direction of a line joining a point to a consecutive point is determined 


whenever the ratios = and 2 are given. We may therefore, with Lie, con- 


sider these ratios as coordinates &, 7 in the plane at infinity. 

Let there be given in this plane a quartic curve F(£, 7) =0; in order to 
determine the translation-surface, according to Lie’s theorem, we form the 
Abelian integrals 


whose limits we fix as follows: We suppose the quartic cut by a fixed and a 
variable straight line; denoting the abscissas of the point of intersection by 
0, £9, &$, 2 and &,, &, &, & respectively, we choose the former as the lower 
and the latter as the upper limits, so that we have 


* Berichte der Stich. Gesells. der Wiss., vol. 48, 1896, p. 197. 


E dé, X= d&; 
23 
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Now by Abel’s theorem we have (the constants £? being properly chosen) : 
¥,=0, 
X, + X, + + X,=0, 
from which it follows that 
+4, =-—%,— 
so that the equations 
2=X,+%, 
represent the same surface as 
a translation-surface generated in four ways, as is seen from the double mode of 
representation. 

If the quartic is irreducible, the integrals @, have the same form; the same 
is true of the ®’s and X’s. The curves £, and &, cover the surface twice and are 
all parallel to each other and similarly placed. The curve £;=&, is a special 
asymptotic line on the surface and the envelope of the curves £&,=const., 
&,= const. The same is true of the curves £3; and &, which have for envelope the 
special asymptotic line £;= &,. The surface may also be considered as the locus 
of the middle points of all chords of the curve ~;=&, or of the curve §= &. 
It should be noticed that the surface is symmetric with respect to a certain 
point which, by properly fixing the lower limits of the integrals, mey be taken as’ 
the origin ; i has therefore a center. 

I. 

We shall begin with a quartic having three non-consecutive double points; 
by a projective transformation (real or imaginary) the curve may be thrown into 
the form, using x, y instead of &, y, 

— + — 2ba*’y — 2cxy* = 0, (1) 
in which the double points are placed at the vertices of the triangle of reference. 
In order to find a suitable parametric representation we intersect the curve by 
the hyperbola 
ay + px + oy = 0, (2) 
which passes through the double points; let it also pass through the point of 


| 
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intersection of y = mx with the curve, m being one of the roots of the equation 
m’—2am+1=0. This point is easily found to be es 2(6+ me). 
Now in order that the hyperbola (2) shall pass through this point, the see: 
relation between p and o must exist: 
mo + p = — 2(6 + me). 

Substituting the value of x from (2) in (1) we have 

(a + 2co + 1)y? + 2(p + ao — bo* + cop) y + 0° + + 2acp = 0, 
of which y + mo + 9 isa factor. There remains therefore, after dividing the 
expression, 


(o” + 2co + 1)y +p +(2a—m)o, 


which gives us the required parametric representation: 


—(< +p) (1 — m’)p + 2(b + me) 
I= G4 (4b + p + + 40 + 4bme 


—(o+ mp) _ (1 — + 2(b + me) 


c= m (9? 2bp + 1) 
We also find 
da (1— m’) 4 (b+ mo) p + 4b ( + me) + 1 
+ 2bp +. 1)? p 
and 
20 
= y — a) y + + ap] 
_ a’ p 
(y + p)? 
2 
but 
(y + p)’ (p” +. ‘2bp 1)? 
hence 
Fy (1— m?) p + 2(b + me) ° 
ade dp 
dp | 
Fh e+ (46 + 2mc) o+ 40? + 4bme 
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The surface may now be written, putting 


—mX = X', —Y=Y’, (m?—1) Z=Z' 


and dropping the primes, 


dps do, 
X= 1 + 2bp, + 1” 


pit (4b + 2mc) p, + m’ + 46° + 4bmc (3" 
dp. 
pz + (46 + 2mc) p, + + 4b° + 4bme 


The discriminants of the three quadratic equations 


+ 
of + (4b + p, + + 4b? + 4bme = 0, (4) 
m?— 2am + 1=0 


are b?—1, m*(c?— 1), a? —1, respectively. If therefore b, c and a be greater 
than unity, the integration will give rise to logarithmic functions. In case 
either 5, c (or both) is less than unity, while a is greater than unity, antitrigono- 
metric functions instead of logarithmic will be introduced in the equation of 
the surface. These cases will be discussed later. Ifa is less than unity the 
surface (3) is apparently imaginary, although in reality it is as real as in the 
three preceding cases; this case, therefore, needs separate treatment. For the 
present we need not distinguish between the different cases; we shall integrate 
without regard to the sign of the discriminants of (4), it being understood that 
whenever 4, ¢, or both, are less than unity the surface may be thrown into a real 
form by introducing trigonometric functions in the coordinates X and Y. This 
remark is also applicable to the case where all three parameters are less than 
unity, but, as we have said before, a separate treatment is needed. The 
geometric interpretation of each of the four cases will also be explained hereafter. 


do, 
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Calling the roots of the first two equations (4) a, 81; a2, G, respectively, 
we have after integrating: 


(2 (Pe — a) 
18 (6, — Ba)’ 


By using the transformation 2/0?—1X=X', We?—1 Y=Y', Z=Z', 
these equations may be written: 


x — (Pi — 94) 42) 2) (Po 
or, 
(p1 + + ki — = 0, 
(1 — e*) — (a — Bi e*) + po) + af — = 0, 
(1 —e”) pp — (a2 — (91 + po) + af — BZ = 0, 


from which by elimination we obtain 


1 — ky ki — e 
i? — (a, — By e*) aj— By e* 


which expanded may be written 


A + Be* + Ce¥ + De* + He*t4 + 4 Ge¥t2 + HeX+¥+2=0, (5) 


where the coefficients have the following values: 
= (a, — ap) [ay — (a + ay) + i] 
= (a, — [ a, —k, (ay + + ki], 
= (0, a) [a hy + ki], 


= — 


By — Ge, 
F=(8;— Be) ky (01 + + ki), 
G= — 


H= B,— 


__ 
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These coefficients are not independent; in fact, the following identical relation 
is easily seen to exist between them: 


EGAF = HDCB, (6) 


which is of fundamental importance. 
We have then the 
THEOREM: Zo a unicursal quartic having three double points with distinct 


tangents there corresponds a translation-surface of the form 
A+ + Ce’ + + + + Ge**¥ 4 He**¥t+2=0, (5) 
with the following identical relation between the coefficients : 


EGAF = HDCB. (6) 


There exist »*® types of such surfaces corresponding to the ~®* projectively non- 
equivalent quartics with three non-consecutive double points. 

Every surface (5) has a center which is found by putting X = X!'— &, 
Y= Y'—y, Z=Z'—¢ in (5). After this transformation the new coefficients 
A, B', C',...., H' must satisfy the following conditions: 


A=—H', B'=—G', D'=— 
we find then the following equalities: 
H 
E+n+f=log(7), 
G 
E 
log 
F 
E+n—f=log (7). 
Solving the first three equations, we have 
BH\ CH\Y EG 


which values are found to satisfy the fourth equation, owing to the relation (6). 
The surface has now the following simple form: 


A + B' (e¥ +2 — eX) + (eX+2_ ¢¥) (eXt+¥ _ ¢2) = 0, (8) 


whose center of symmetry is at the origin. 


ry 


Erestanp: T'ranslation-Surfaces Connected with a Unicursal Quartic. 177 


Remark. A translation X = X'—2nni, Y= Y’—2nni, Z= Z’— 2nzi, 
where n is any positive or negative integer, leaves the surface invariant, while 
a translation X = X'—na1i, Y= Y'—nani, Z= Z' —nni transforms it into 
a real surface whose center of symmetry is at the point nmi, nmi, ni, viz.: 


A(1 + BI eX) 4 Ol + Di 4.2) =0. (9) 


Before proceeding further we shall introduce a few definitions due to Lie: 
If we transform a twisted curve in the space (a, y, z) by the transformation 


(10) 


we obtain a family of o * curves which evidently remains invariant for the trans- 
formation. We say then that these curves belong to the same species (Gattung). 
The same definition may also be extended to surfaces. * 

Another fruitful idea due to Lie is the logarithmic transformation: 


FYo=logy, 2 = logs, (11) 


where (a, y, 2) is the so-called logarithmic space. + 
Consider now all the curves of the same species, 


(4); 
transforming by (11), we have 
X=log¢g(t)+log2, Y=logy(t)+logu, Z=logy(t)+logr, 


by which we obtain in the space (X, Y, Z) all the curves that are parallel to each 
other and similarly placed. Hence: 

To all the ~* curves in space (X, Y, Z) obtained by the ~® translations of a 
twisted curve there correspond in the space (x, y, z) all the »* curves of the same 
species. This is also evident from the fact that to a translation in (XY, Y, Z) 
corresponds the affinity transformation (10). 


Moreover, to the transformation X = — X¥, Y= — Y, Z=—Z (the 
so-called reflexion, Spieglung) corresponds the involutary transformation 
1 1 1 


The general involutary transformation 


* See Lie-Scheffers, Beriihr. Trans., pp. 331 and 334. t Ibid., p. 356. 
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may be considered as a succession of the transformations (10) and (12), so that 
we may say: 

To the general involutary transformation (13) in the space (x, y, 2) there corre- 
sponds a reflexion of all the points of (X, Y, Z) with respect to the point (log A, 
log , log v). 

If now we apply the logarithmic transformation to the surface (5), we obtain 
the cubic surface 


A+ Bat Cy+ Fay + Gyz+ Hxyz=0, (14) 
the coefficients of which satisfy the same relation as before, viz. : 
EGAF= HDCB. (6) 


These o * surfaces remain invariant by the involutary transformation (13). The 
transformed surface is: 


which is evidently of the same form as (14) with the same relation (6) between 
the coefficients. 

From the above it is easily seen that there is one set of values of A, u, v 
which will leave the surface invariant, viz. : 
_ AG _ EA _AF (15) 


as is easily verified, taking into account the identical relation (6). To the trans- 
lation curves on (5) correspond the double set of twisted cubics on the surface 
represented by the equations 
(P1 — a) — a1) 
— 21) om, 2) 
y= (P1 — a2) (~2 — ae) (16) 
— By) (Pe 
= (p; — hy) (pe — &)- 
The curves p,; = const., p, = const. constitute a family of curves of the same 
species which cover the surface doubly and may therefore be considered rather 
as two families, both made up of curves of the same species. By means of the 
involutary transformation 


’ —, (13) 


x 
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where A, u, » have the values given in (15), we obtain the same surface, but in 
another analytic form, viz. : 
=H (p3 — (py — 
(ps a1) a)’ 
(ps — (7 — 
17 
(ps — Pe) 


(p3 — ky)’ 


on which the curves p; and g, are two families of the same species. We thus see 


Yi 


that the involutary transformation (13) has transformed the curves p, = const., 
fp, = const., into ps; = const., py = const., each pair of families belonging to the 
same species; while any two curves belonging to different pairs are of different 
species. We may therefore say: 

The surface 


A+ Foyt+ Gyz+ (18) 


contains two pairs of families of curves, each pair consisting of curves of the same 
species. The surface may be generated by performing on any one of these curves «1 
affinity transformations; that is, the surface admits of a fourfold mode of generution.* 


This surface is thus seen to be analogous to the surface 


Ayz+Bern+ Cryt+ La+ My+ 


which, as S. Lie has shown, has a similar mode of generation; it has four 
families of curves; viz., the two sets of generators and two families of cubic 
curves. By the inverse of the logarithmic transformation this surface is trans- 
formed into a translation-surface 


4 4 4 Le¥ + Me¥ + = 0, 


which corresponds to the case where the quartic degenerates into two intersecting 
conics. { Whenever this happens the curves belonging to either pair (a set of 
generators and a family of cubics) are not of the same species; this is due to the 
fact that since the surface (X, Y, Z) corresponds to a degenerate quartic (two 
conics), the functions ®, and ®, (see p. 172) are of identically the same form, and 


* By fourfold mode of generation we mean in this case that the same surface may be represented in two 
different ways, namely (16) and (17). The phrase fourfold mode applies here to the logarithmic space (z, y, 2). 

+G. Schefiers, Beriihr. Trans., Vol. I, pp. 350 and 364. 

Lbid. 
24 
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likewise ®, and ®,, while ®, and ®, and also ®, and , are not; the same is also 
true of the #’s and X’s. 

Conversely, let the surface (17) be given. Since we know that it contains 
two pairs of families of curves, each pair being of the same species, and that 
either pair by the reflexion (13) is transformed into the other, we conclude that 
the surface 

A+ Be + + + + 4 + HeXt¥+4 =0 (18) 
is a translation-surface containing two pairs of families of translation-curves, and 
thus admits of a fourfold generation. 

Let the surface (18) be referred to its center of symmetry as origin, writing 
it as before 

A (1 — e*t¥+2) —e*) (eXt¥ — + D' (eX+4 ¢¥) 0. (8) 

Putting X= — XY, Y= —Y, Z= — Z and subtracting the result from (8), 
we have 

A eXt¥+2) 4 B! +2) eX) 

If now we employ the transformation X =i X,, Y=iY,, Z=iZ, and 
reduce, this equation takes the form 
A sin (X,+ Y, + Z,) + B' [sin (Y, + 2) —sin X,] + C’ [sin (X, + Y,) —sin J] 

+ D' [sin (X, + Z,) — sin Y,] = 0, 
which again reduces to 
Asin 4(X,+ Y,+ Z) + B’ sin + 4, — X) + C’ sin (X, + Y,— 
+ D'sin}(X,+ Y,— 4) = 0, 
and finally, putting 4.X,= XY, Y, 4,=Z, 
Asin(X + Y+ Z) + B'sin(Y+Z—X) + C'sin(X + Y—Z) 
+ D'sin(xX + Z— Y)=0. (19) 


This transformation, it will be noticed, has no effect on the corresponding quartic 
in the plane at infinity. In the new space (i_X,7Y,7Z) the surface appears as 
a real surface with three real periods, while in the original space it had three 
imaginary periods. They both belong to the same type, provided a, b and ¢ in 
the quartic have constant values. They are, moreover, very different in form: 
the surface (19) is contained in a cube whose side equals 2, and the whole of 
space being divided into such cubes, each one contains an exact reproduction 
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the surface in the original cube. The surface (8) shows no such periodicity, the 
periods being imaginary. It is thus seen that leaving the quartic curve in the 
plane at infinity invariant, we can express the corresponding surface either as a 
surface having imaginary periods, or as one having real periods. 

We may express the above results in the following 

THeorEM: To a unicursal quartic having three non-consecutive double points 


with distinct tangents there corresponds a translation-surface of the form 
A+ Be* + Ce¥ + De* + 4+ BeXt¥ + Ge¥t4 + HeXt¥t4 = 0, 
with the following identical relation between the coefficients : 


EGAB=HDCB. 

The surface, when transformed to its center of symmetry as origin, takes the form 

A (1 — eX+¥+2) 4 Bl +4 — 4 (eX+¥ — + D! — = 0, 
which by means of the transformation 

A=3t124,, 

may be put into the form 

A sin (X,+ Y,+ + B’sin (Y, + 4% — X,) + C' sin (X, + Y,— 4) 

+ sin (X, + Z,— Y;) = 0. 

Remark. If in (19) we put X+V—Z=Y,, 

X+Z—Y=4Z, the equation becomes 
A sin (X, + ¥, + 4)+ B' sin X,+ C' sin Y,+ D' sin Z, = 0, 


which for certain purposes may be simpler and more convenient. 


II. 


In the case where the three double points have imaginary pairs of tangents 
(the three vertices of the triangle being conjugate points), the parametric represen- 
tation of the quartic that we have used (p. 173) becomes inconvenient, if we want 
the surface in a real form; in fact, k, becomes imaginary with m, since m is a 
root of the equation m?— 2am +1=0, a now being less than unity. To avoid 
this difficulty we must find a suitable parametric representation. 

We write the quartic as before, 


or, 
1 1 2a 2b 2¢ 
2 yay y = 0, (2) 
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from which it is seen that a parametric representation of (1) may be found by 
obtaining one for the conic 

xi + yi 2by,—2ex,+1=—0 
1 
’ 


Zr =! in (2). Since a, 6 and ¢ are all less than unity, this conic (in general an 


(see Salmon’s Higher Plane Curves, p. 244*), obtained by putting a, = 


ellipse) lies wholly inside the triangle of reference. Transforming the origin to 


the center we have 
eityj—2any, = 1—a’ = 


from which it appears that the ellipse, and hence the quartic, is real whenever 

R? is positive. In order to express x, and y, in terms of a variable parameter p, 
R 

we pass a line y= px +o through the point 0) and find the second 


and variable point of intersection, which is 
1—a'(1— 2ap +6)’ 1— (1— 2ap + 9°)’ 


and hence, 


2p(ap—1)R b+ac, 


so that we finally have the following values for x and y on the quartic: 
(1— a*) (1— 2a9 + 
(1 — a’) (1— 2ap + 9°) 
[2V1—a 
We also have 


Fly =y— 2cayt+ yx + 2(e+ab)a+a?—1 


(2) 


and 
2(1—a@’)/ 1— R(ap?— 294+ 1) 


* We refer here to the second edition of this work. 


— 
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By substituting in Fi, the value of x in terms of p, we have 

2a(e+ab)p+e+ab—V 1 R 
The corresponding surface may now be written : 


X=2(1-a%) + 2(1 


¥=2(1—a) f + 2(1—a’) f° — 


dp, dp, 
= 2 ___, 2 
1—ap, + ej 


where D, and D, are the respective denominators of x and y in (2). It should 
be observed that the discriminant of D, and D,, viz.: (1 — a’)? (b®— 1) and 
(1 — a’)’ (c’ — 1) respectively, are both negative, 6 and ¢ being less than unity. 
We have now, after integrating and transforming in a suitable manner to get 
rid uf extraneous factors, 


Ky = 


a(c+ab) 0 a(e+ab) 
/1—a@R+c+ab J1—@R+e+ab 
9/7 1—a’ali+b+ac 2/1—a’ah+b+ae 
in’ >... 
Z = tan + tan 


In order to facilitate elimination we write these equations in the form 


X = tan k + tan Ie , 


Z = tan + tan 


which give rise to the following equations, p, and p, being eliminated : 


A tan X tan Y tanZ + BtanX tan Y + C tan X tanZ+ D tan Y tanZ 
+ #HtanX + FtanY + GtanZ=0, (6) 
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in which the constants A, B, ...., G have the following values: 


A = (a; — ay) [a a, — a (ay + ag) + 2a°— 1] + — a, kj — — ki), 
B= 1—a"(ai— a3+ 2aa,— 2aa,+ — ky, 

C = ky (ki —aji+2a,a,—2aa,+ 2a?—1), 

k, (a3 + 2aa,—2a,a,+1— 2a’), 

E= 2v7/ 1—a’*k,(a,—a), 

F = a), 

G = 2hy key (a, — a). 


It remains now to transform the origin to the center of symmetry and to 
find the coordinates of this center. If we start with equations (6), putting 
X=X+%, and express the conditions that the 


resulting equation shall reduce to the form 
A’ tan X tan Y + B’ tan X tan Z+ C’ tan Ytan Z + D'=0, 


we obtain a set of equations involving tan &, tan y, tan ¢ which appear somewhat 
difficult to solve by ordinary methods. To avoid this difficulty we substitute for 
the trigonometric functions their exponential values, so that we obtain the 
following equation of the surface : 


(—B—C—D + Ai— KFi—Fi— Gi) *+¥+ 
+ (—B—C—D—Ai+ Ei + Fit Gi) 
+ (C+ D—B—Ai —Fi + Gi) 
+ (C+ D—B+ Ait Fi— Gi) 
4+ (B+ D—C + Ai— Ki + Fi—Gi) 
+ (B+ D—C—Ai + Fi + Gi) 
4+ (B+ C—D—Ai+ Hi—Fi— Gi) 
+ (B+ C—D+ Ai—Hi+ Fit Gi) = 0, 


J 
which may be written in the form 
+ = 0, (6") 


Putting now in (6) X= X'+&, Y= Y’+y, Z=Z' + and expressing the 
condition of symmetry, viz.: 
4,=,, RB=G,, D=A, 


we obtain the following equations: 
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_, B+C+D 
E+n+¢= tan G+F+E_—A’ 
(7) 


Solving these equations, we have, using all four equations (7), 


Since, moreover, the relation 
BG, _ HD, 
C; B, A, F, 


must necessarily be satisfied, if the surface is to be symmetrical, the equations (7) 
are all satisfied, so that (9) may be replaced by the equivalent one, 


B+O—D 
A—EH—F+G4 


We shall not verify this relation, as it would involve long and tedious algebraic 
calculations; it is moreover unnecessary, its truth being known a priori. 
The surface (6”) now takes the form 


A,(1 4 (e24(¥ +2) 4 + 4. 
+ D, + 0, (10) 


which may easily be reduced back to the form 


A' tan X tan Y + tan X tan Z + C’ tan YtanZ+ =0, (11) 


itt 
it 

| 
i 
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where the coefficients A’, ...., D’ are found from the equations 
C4 D=V (B+ C4 4+ G—A)’, 
A'— D=V(C+ D— B)’+(G—F—E — A)’, 
—A'+ (B+ D—C)*? + (A+ F—E—G)’, 
—A’— B+ D=V (84+ C—D)’ + F—G — A)’. 
We have not carried out these calculations in detail, as they do not present any 


serious difficulties. We have then the 
THEOREM: Toa unicursal quartic with three conjugate points there corresponds 


a translation-surface of the form 
A! tan X tan Y + B’ tan XY tan Z + C’ tan Y tanZ + D! = 0. (11) 
If we transform (10) by means of the transformation X'= 27X, Y'= 27Y, 


Z'=2Z, it takes the same form as was obtained in the case where the double 
points of the quartic have real and distinct tangents [see p. 177, (9)], viz.: 


Ay (1+ eX 4 B, 46%) + O, (eX eX) =0. (9) 
Now since a transformation of the form 
leaves the quartic in the plane at infinity unaltered, we may collect the result 


obtained in the following form: 
THEOREM: Jo a unicursal quartic having non-consecutive double points with 


distinct tangents, these tangents being either both real, or both imaginary, in pairs, 
there corresponds a translation-surface which may be thrown into either of the 
following forms: 
+ 4 O (4 + 4 4+2)=0, (10) 
A’ tan X tan Y + B’ tan X tan Z + C’ tan Y tanZ + D' = 0. (11) 
If we put X= X'+m, Y=Y'+m, Z=Z'+ in (10) and 
X=X'4+an, Y=Y'4-a, Z=2Z'+7 in (11), these equations may also 
be written: 
A(1 —eX't¥'+2") (e¥'+2"__¢X’) +D (eX'+¥' — =0, 
A' tan + tan Y' + C’ tan + D! tan X’ tan Y' tan Z' = 0, (11’) 


which are sometimes more convenient, inasmuch as the center of symmetry 1s 


here situated on the surface. 
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III. 
Quarties Having Two Double Points with Real Tangents and One Conjugate Point. 


Let the conjugate point be at ~=0, y=. We have now to integrate 
equations (3/), p.174, on the hypothesis, a<1, b >1, c >1, and after a suitable 
real transformation, in order to avoid extraneous factors, we have 


b 


(p1 — Gy) (p2 — Gs) 
(p2 — Be)’ 
2Z = log (p, — (p2 — 4%), 


2Y = log 


where a,, G2, a8 before, are the roots of the equation 


p” + (4b + 2me) p + m? + 4b? + 4bmc = 0, and k, = er 
Eliminating p, and p, we have the equation 
1 i, he? — 
1—e*” A, — as — = 0, 


—tanX btanX¥+V71—6? 


or, developed, 


2(Y+Z) 2Y 2Z 
tan X = Y ’ (1) 
where 
A'=b + Bo, 
C=V C'= —b—a, 


(to + + 2b), D! = (1 —ab 


The equation (1) may be simplified just as in the former case by transforming 
to the center of symmetry. Putting X= X'+&, Y= 


and expressing the condition of symmetry, we have 


(A — A’ tan &) e? "+9 = — (D — D' tan &), 

(B— B’ tan = —(C — C' tan &), (3) 
= Dtané, 

(B!' + B tan &) 9 = C' + C tan &. 


25 


‘ tf 
W a 

} 

4 
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From these equations we find that tan & must be a common root of the following 
two quadratic equations: 

(a) (AD' + DA’) tan’ & + 2 (A'D! — DA) —(AD’ + = 0, (4) 

(b) (BC' + CB’) tan’ & + 2 (B’C’— BC) —(BC' + CB’) =0. 
The condition that these equations shall have a common root is 

(AD' + DA) (B'C' — BC) = (BC' + B'C) (A'D! — DA), (5) 

which is seen to be identically satisfied by the values of A, ...., D, A’, ...-, D! 
obtained from (2). Calling the roots of (4) « and —*, we have, by solving, 


fu tena, E=tana—%, 


of which either value may be taken without influencing the form of (1) as to 
symmetry. Solving (3) we have 
(D' tan & — D)(C’ tan —C) 
7 = 2 (4 — A’ tan £) (B— tané)’ 
tan & — D) (B— B' tan 
(A — A! tan £) tan — 
The surface now reduces to the form 
tan = Al $1) Bi (6) 
in which A, = D— D'tan&, C— C'tané, Aj = D'+ Dtané&, and 
Bi =C'+Ctan & We have then the 
THEOREM: Joa quartic having two double points with distinct and real tangents 
and one conjugate point there corresponds a translation-surface of the form 
Ae? 4 Be?¥ + Ce?4 4+ D 
Al e2(¥t4) B'e?* + C! ( ) 
with the following identical relation between the coefficients : 


(AD! + DA’) (B'C! — BC) = (BC! + CB’) (A'D! — DA). (5) 


The surface (6) has two imaginary and one real period. By using the trans- 
formation XY =iX', Y=7iY', Z=7Z', which does not affect the quartic curve, 
we may transform it into a surface having two real and one imaginary period. 


We have 


tan A = 


eX—eX iA, (e24(¥+2) — 1) + iB, (c?*¥ — 


eX 4 eX Aj 42) 4) B} 4+ ’ 
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which may be written 

[(Al—id,) 4 (Bl + (Bi 4 4A! + 

By principle of symmetry this equation may also be written, putting X = — X, 
Y=— Y, Z=—Z, 

—tA)) + (Bi —iB,) +( Bi +7B,) + Aj +74] (9) 
—e~*[(Aj + (Bi + (Bi—iB,)e*'4+ Aj—iA]=0. 


Adding (8) and (9) and introducing the trigonometric equivalents, we have 


ox — _ / tan YtanZ+ Mtan Y+ NtanZ+ P (10) 
L£LtanYtanZ— Mtan Y— NtanZ + P’ 
_ Bi — A; _ Bi + Af _ A, + B, __ A, —- B, 
where L= , P= , 
IV. 


Quartics Having One Double Point with Distinct Tangents and Two Conjugate Points, 
We have in this case b< 1, e<1, a >1, the conjugate points being 
xa=0,y=n»;x=0,y=0. On this hypothesis, integrating equations (3’), 


p- 174, we have 


A = tan + tan 
Y = tan— P! (1) 


Z = log (p; — (pz — &). 
Eliminating we have 


— Atan Xtan Y + Btan X + Ctan Y + D (1!) 
Altan XtanY+ tanX + C’ tan Y ’ 


where A, ...., D, A’,...., C’ have the following values: 
A = (26+ me) [1 + ki + bme + 2bk, + hk, me] + (1 — 267) 
+ kib + m?(1— (b, + &), 
B=mV/1—C[1 +hj + 2b? + 2bme + 4h, b + 2k, me], (2) 
— + 2bmce — ki — 2k, b), 
D= mV 1— 1— (b+ me), 
A=b+m, B=mV/1—e¢, C=—V 1-86. 


fe 
4 
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Transforming the center of symmetry, we have 


— HtanXtanY+ FtanX + GtanY+H (3) 
~ tan X tan Y— Ftan X — GtanY+ 


where the coefficients have the following values: 

E=A— Btany—Ctané + Dtané tany (A’— B' tany — C' tan &), 
F= Atanyn+ B—Ctan & tan y—D tan & = —e (A’ tany+ tan tan x), 
G = Atan&—B tan tan &+C—D tan y = (A' tan £&—B' tan tanyn+C’), 
H= Atanétany+Btané+Ctanyn+ D=e(A'tan£é tany+B tan&+C'tany). 


(4) 


From these equations we obtain by elimination of é 


[(A—D) (B'+0') + (B+ tan*(n + £) +24 (A—D)tan(n+£) (gy 


[(A+ D)(C'’—B’) + A'(C—D)] tan? (y — &) + 24'(A + D) tan — &) (6) 
—(A + 0) =0, 


24'D tan (n + £) tan(n—£) + + C')(A+D)—(B+ 0) A] (yy 
+ [A!(B—C)—(B' —C') (A—D)] tan + £) + 2(BC' — CB’) =0, 


2(CB'— BC’) tan tan (n—£) + [(A—D) (C'—B')—(C— B) tan(y—£) 
+ +0) (4+ D)—(B + C) tan + 2)—24'D = 0. 


From (7) and (8) we easily find 


8) 


CB! — BC! + A'D 
CA + BD'— AC’ 
_, BC! + A'D — CB' 

BA+ CD—BA' 


= } tan 
& =} tan 


Calling one of the two reciprocal roots of (5) a, we have 


A—D—(B+C)a 


which three coordinates will satisfy all four equations provided the following 


relation exists: 
(A — D)(B’+ C!) + (B+ C)~ 24'(D— A)’ 


where 


R=2A'D, + D)—A' (B+ 0), 
U=2(BC'— BC). 
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If we substitute the values A, ...., D, A’, ...., C’ from (2) in this relation it is 
seen to be satisfied identically.* 
As in the former case, we may now prove that by means of the trans- 
formation X = iX', Y=17Y', Z=1Z' we may put (1’) in the form 
I (e2(X+¥) __ 
so that combining the results of III and IV we have the following 
THEOREM: Toa unicursal quartic with two double points having distinct tangents 
and one conjugate point, or two conjugate points and one double point, there corre- 
spond «* types of translation-surfaces that can be generated in four different ways. 
The general equation of these surfaces may be put into either of the two forms: 
A, 1) + B, 
Aj + 1) + + ony? 
(b) HtanYtanZ+4+FtanY+ GtanZ+H 
YtanZ—FtanY—GtanZ+ 


(a) tan X = 


The form (a) is transformed into (b) by means of the transformation X = iX', 
Y=tY', 
V. 
Quartics with One Cusp and Two Double Points. 


1. Let the double points have real tangents. Putting a=1 in (3’), p.174, 
and remembering that 6 and ¢ are both greater than unity, we have 


X= log — 4) — a) 


¥=u 
(p1 — Be) — Be)’ 
4Z=at+ 
Eliminating p, and p,, we obtain the surface 


— (Bi— + (a2 — Bie + (Bi — + aj — 


and transforming to the center &, y, ¢, we find 
A (eXt¥ — 1) + B(e* (1) 

= A! (eXt¥ +1)+ B (ex + 


* The details of the algebraic work have been omitted as unnecessary. 


7 
—— 
1 1 2 1 
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where 
A = [a3 —ai + (a, —a,)], B= [aj — 63+ ¢ (a, — 8,)] 
A! = a, — 4, (a, — e, 


the coordinates of the center of symmetry being 


(a, — ay) (a, — ( 
Bit 
2 


2. When the double points are conjugate points, that is b< 1, c< 1, the 
surface, when transformed to its center of symmetry as origin, takes the form 


A tan X + Btan Y 
(2) 


— A’ tan X tan Y + B”’ 


which may be derived from equations (3’), p.174, by putting m=1. Hence the 


THEOREM: Toa unicursal quartic with one cusp, and two double points whose 
tangents may be either real or imaginary, there correspond «* types of translation- 
surfaces that can be generated in four different ways. The equation of these surfuces 
may be thrown into either of the two following forms (corresponding to real and 


imaginary pairs of tangents): 


41) + (eX + eY) ’ ) 
Atanx + B tan Y (2) 


A' tan X tan Y + B"’ 


8. If only one of the double points is a conjugate point, we have, since 
now a=1, b<1, c>1 (p. 174, (3’)), 
po +b 
A tan + tan™ Si’ 
— Op) (Ps On) 
( (P2 — Bs ) 


vol 


which gives rise to the following equations, eliminating p, and p,: 


2b? —1— tan X. 


( — 
— (b+ tan X.e¥ + (b+ a.) tanX—V1—VeX + 
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which by transformation to the center of symmetry takes the form 


_ A tan X.(e¥ + 1) + B(e¥ —1) 


(3) 


so that we have the 
THEOREM: To a quartic having one cusp, one double point with real tangents and 


one conjugate point correspond * translation-surfaces of the form 


_ Atan X.(e¥ + 1) + B(e¥ —1) 


4= X.(e°—1) + +1) (3) 


It will be noticed that in this case the transformation X =7iX', Y=v1Y', 
Z=iZ' \eaves the surface in the same form as before. 


VI. 
Quartics with a Double Point and Tuo Cusps. 


1. The double point has a pair of real tangents. In this case we have 
b=c=1 and a>1. Equations (3/), p. 174, give us by integrating : 


1 1 
Xx 
itl +1’ 
(1) 


pt 2+m p+ 2+ m’ 


from which we obtain the surface 


which may be written, putting (1 — m)’ e* =e”, 


Y—2(1+m)(1—m)? 
X—Y—(1+m)XY 

We now put Z’=Z—logk, X=X'+kh, Y= Y'+h, ky being a 
positive quantity, and express the condition that the coefficients of X and Y 
in the numerator shall equal the coefficients of X and Y in the denominator 
taken with opposite signs, while the absolute term and the coefficient of XY in 


| 
| 
| 
Z = log (ps + 
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the numerator shall equal the corresponding terms in the denominator. We 
thus obtain the following four equations: 

k, + m)’ (2m —1) + ky kgm (1 + (m — 2) ky kgm (1 + mye 

— (1 + m)(1—m)* = k, —k, — ky hk, (1 + m), 

kz (1 + m)’ (2m —1) (1 +m) = —1+h,(1+m), 

(1+ m)?(m —2)—k,kgm(1 + mi =1+4+%,(1 + m). 
Solving the three last equations, we obtain 

m—3 _ 1 

2(1 + m) “9m (1 + m) m(1 + m)?’’ 


which, substituted in the first, reduces it to an identity. The equation of the 


ky 


surface is: 


2(1—myp—™—* 4 (1 +m) XY 


Y equal to a new Y. 
p £ q 1 


(1 — m)’ 
_ 4m (1 + m) 
(i AY 


If now we make use of the transformation X = X’+ iY’, Y= X'—iY’', 
which amounts to transforming the quartic into a limacon with a conjugate point, 
we obtain a surface which has a striking resemblance to the Cardioid surface 
obtained in my previous paper.* The equation of this surface is: 


e = (1 — m)’ (3) 


Every section parallel to the X Y-plane is a circle which for Z= 0 becomes the 


 Yaxis. If we put A=2(1—m)*, B= this section 


may be written 
B(k—1) (X* + Y*)+ 2(k+1)X+A(k—1) 


* American Journal of Mathematics, vol. 29, p. 378. (See plate of model.) 


| 
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which shows that ¢f the circular section be real, we must have AB< CG; +t), 


so that to any given type, that is, for any given value of m, the surface will have two 
umbilical points on the Z-axis at equal distances above and below the origin. This 
point will be at infinity when 8m(1+4m)=1, or m= If the 
product AB is <1, there will be no real umbilical point. If AB is >1, this point 
is determined by the equation 


Z 
(0, = AB = 8m (1+ m), 


which, regarded as an equation determining Z, has two real and finite roots. 


Examples: 1. m= = . The surface extends to infinity in both directions 


along the Z-axis and has no umbilical points (Fig. 1). 
2. m= —2. The surface has two umbilical points at Z = + log $ (Fig. 2). 
In both cases the projection of the surface on the XZ-plane has been given. 
The surface (3) has an imaginary period, but if we transform to the 
imaginary space (¢X,7iY,7Z), we obtain one having a real period. Writing 
the surface in the form 
A—2X + B(X*? + Y") 
A+2X+ B(X*+ 


and using the transformation, we have 


1 — 4X 
4 A—4B(X*? + ¥*)’ 
or, tan Z = 4x (4) 


one branch of which is contained entirely in a space between the parallel planes 


Z=—nand Z=nx. Any section tan Z = const. is the circle 
A _A 
1 
om; (x (4B +p): 


from which it is obvious that, whenever AB is positive, the surface will extend 
to infinity along the Z-axis. If, however, AB is negative, the surface will 
26 


j 
i 
* 
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become imaginary somewhere between Z=0 and Z=+ z so that there will 


] 
be an umbilical point at A= + im ° 


Fig. 1. 


— LoG§ 


Fig. 2. 


Example 1. If 4= 4B, m is equal to 0.07 nearly; for Z= . we obtain 


the unit circle XY? + Y? = 1 (Fig. 3). 
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Example 2. Let AB=—1, m= =—— The umbilical point is 


Z4=+ ; (Fig. 4). In both examples the locus of the centers of the circular 


sections has been indicated by the dotted curve. 


4 
a 
or 
\ 
\ 
\ 
~ ~ 
\ 
\ 
/ 
/ 
/ 
4 
Fia4, 3. 4. 


VII. 
Quartics Having Two Cusps and a Conjugate Point. 


In this case we put m=1, a=1, c=1, in (3), p.174, while 4 is less than 
unity. Integrating we have, omitting extraneous factors, 


— —] pi +6 p2 +4 
A = tan Vi_p t 

2b’ 


| 
| 
\ ~*~ 
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from which by elimination we obtain 
(Z+ 2b) YV 
6" ¥Y+ (6+ 1) YZ—Z—2— 40’ 
transforming, putting 7+ 26= Z’', this may be written: 
YZ 

2(1+ 6) Y+(1+6) YZ— Z—2%—2 
The center of symmetry may now be found just as before. We have 
tan X+h, _ (Y+ k,)(Z + ks) (1 —& tan X) V7 1— 
4%) —Z—h,— 2b—2’ 
in which the terms in YZ tan X, tan X, Y, Z must vanish. We have therefore 
the four equations: 

—/1—'k,—(1+6)=0, 

/ 1— — 2k, (1 + 6) — hk, kg (1 + 6) = 0, 

hy Inks + hs + 2b + 2—2(1 + b)k,— (1 —b) = 0. 
Solving, we find 


— k, = 4, = — (1+), 


which values satisfy the fourth equation. The equation now reduces to the form 


(14+ )(1 + 2b)—2(1+ 6) YZ 
’ 


tan X = 


tan X = 


tan X = 


which may be simplified by putting “4—" 7= 7, -avi-FY=Y,, 


+6 
so that we have 


1 
Z+Y 
Every section X = const. is a rectangular hyperbola; one branch of the surface 
is contained entirely in the space between the planes X =? A= — x If we 
transform the surface, using the transformation Z= Z'+7Y', Y= iY’, 
we have 
1 2 
(5) 


22 


Il. 


Ill. - 
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which, by putting X = XY + =, is seen to be of the same form as (4), p. 195. 


It appears then that in this case no new types are obtained. As in all other 
cases, the transformation X=iX', Y=iY’, Z=iZ' will transform (5) into 
a form involving e* instead of tan X, viz.: 


x A+ 22+ 42%) 


A—2Z+4 B(Y?+ 


THEOREM: Toa unicursal quartic with two cusps and one double point with a 
_ real or imaginary patr of tangents there correspond «! types of translation-sur faces 


that can be generated in four different ways. 


These surfaces may by proper trans- 


formations be brought into either of the two forms : 


A+ B(X*+ 


tan Z = 


eZ 


2X 


_ Al— 2X + Bi (X?+ VY?) 


Al 4 OX + + 


We shall now collect the results obtained in the following table: 


THE PLANE (xy) AT INFINITY. 
a. Quartic curve with three double points | 
having real tangents. 
b. Quartics with three conjugate points. 


) c. Quartics having three double points of [¢. 


which two are conjugate points. 


d. Quartics with three double points of 


which one is a conjugate point. 


a. Quartics having one cusp and two double 
points, both having distinct and real 
tangents. 

b. Quartics having one cusp and two double 
points, one of which is a conjugate 

L point. 
(a. Quartics having two cusps and one 
double point. 


gate point. 


. tan 2 


tan Z = 


b. Quartics with two cusps and a as 


Space (X, Y, Z). 


+ —6*) + + +? — 0”) = 0. 


. Atan Ytan Y + Btan XY tan Z + Ctan YtanZ + D=0. 


x Ltan X tan Z + Mtan Y+ NtanZ +P 
Ltan X tan Z— Mtan Y— NtanZ + 


+ 
A’ 4+ 1) + + 


A(e’t*—1) + B(e —e”) 


e? 


~ Al 41) + + 6) 


Atan Z(e* + 1) + B(e? —1) 
A’ tan Z(e¥ — 1) + B’ (e% +1) 


A + B(X?+ 
2X 
— A + BX + 
Al + 2X + (X* + 


a 
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VIII. 
Quartics with a Triple Point (Real Tangents). 


A quartic with a triple point may be written yu; = «u,, where u; is homo- 
geneous of the third degree in x and z and wu of the fourth degree in the same 
variables. If y= 0 be taken as a double tangent and x= 0, z= 0 be two of the 
tangents at the triple point, the curve will take the form 


— az) = (a + + kh, (1) 
Putting now az=2, y=ay' x =~’, this equation reduces to 
xyz — 2) = + axz + 
where a= a b= =: or, in Cartesian coordinates, 
xy (7 —1) = + ax + (2) 
The corresponding translation-surface may now be written : 
x= 1 + fs, 


(aj + ax, + by (3) 


dx, 


from which we derive the following equalities: 


X = log (%,—1)(#%,—1), Z=log (x 


so that we have from (4) 
Y—2(a+1)X+%(a+b) Z=2,+m— | 
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Substituting from (4) and putting the left-hand side of (5) equal toa new Y, 
we have 


which may be reduced to the form 


Putting X = X'+hk,, Y=Y', Z=Z'+ks, we shall determine and 
so as to make the surface symmetrical with respect to the origin; the center 
is easily found to be 


k,=log(a+6+1), (a+b+1+#0), 
so that we have, finally, 
Y= 4 *) — (a+ b+1) (6) 


which surface has two imaginary periods. 
By means of the well-known transformation XY =7iX', Y=iY', Z=iZ', 
it may be transformed into the form 


Y=6sin(X —Z)—(a+6+4+1) sn sin Z, (6’) 
which has two real periods. 
1. Ifa+b< —1, the center of symmetry is imaginary. 
2. If a? — 4b = 0, the quartic has a point of undulation at « = — F y=0; 


in this case the surface (6) becomes 
or, 
2 2 2 
sin (X—4Z)—(f+ 1) sin X + 1) sin Z. (7') 


THeoreM: I. Joa quartic having a triple point with real tangents correspond 
ow” translation-surfaces of the form 


Y= b(e* — *) — (a +b4+1) —e*) + (6) 


or 


Y=bsin (X — Z) —(a+6+4+1) sn X+b(a+6+1) sin Z. (6’) 


| 
=, 
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II. To a quartic with a triple point and a point of undulation correspond «! 


translation-surfaces of the form 
2 2 2 2 


or, 


sin(X¥—Z)—(4+ 1) sin X + (S41) sin Z. (7') 


IX. 
Quartics Having a Triple Point with One Real and Two Imaginary Tangents. 


We put the quartic in the form 
yz + 2”) = (a + axz + (1) 
or, putting z= 1, 
y + 1) = + ax + bY, (2) 
from which we derive the surface (x, and x being the parameters): 
X tana, 
Y=2a,+%,+a log (aj + 1) 1) +2 (b— 1) (tan a, + tan z,) 


(3) 
1 t 1 + 
+a (tan wy + an ap) a (6 | + 1 xs ;| 
b—1)?—a’ b—1)’—a’ 


.so that we have 
Y— 2aX — [2(6— 1) 7+ @Z+4+3((6— 1) — a’) Z] =sin Ze* 


—a(b—1) [sin?Z7+ 2e~* cosZ] + sin Z(2e-* —cos Z), 


or, 
[cos 2Z—4e-* cos Z| + [sin Z(2e-*—cosZ)]. 


‘Transforming to the center of symmetry, putting XY = X'+h,, Y= Y’', 
Z=Z'+hs, we easily find 


k, = —} log +(6—1)], &= tan”; 


and the surface reduces to the form 
Y= (b—1)sin Z.(e* +e*) + acos Z. (e* —e-*) —} [(6 —1)? sin (4) 


* Here, as elsewhere, we have omitted the somewhat long algebraic calculations. Asa check we have used 
throughout the property of symmetry which characterises all these surfaces. 
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If the quartic in addition has a point of undulation, we have a” = 40, so that (4) 


reduces to 
Y = (6— 1)sin Z(e* +e-*) + 2 b cos Z(e* —e*)— (641) sin 22. 


X. 
Quartics with a Triple Point, Two of the Tangents Being Coincident. 
The quartic may be written 
= (x? + aza + 
in which a may be reduced to unity, 
yur = (x? + za + bz’), 
or, 
ye = (x + + 
The corresponding surface is 
Y=4X*—bX(e (1) 
the center of symmetry being 4, =0, k, =0, = logb. If 1—4b=0, the 
quartic will have a point of undulation, in which case the surface (1) becomes 
We may now express the results obtained in VIII, [X and X thus: 
THEOREM: I. Zo a quartic with a triple point, the tangents being all real, 
there correspond * types of translation-surfaces of the form 
Y = b (e*-7 —e* *) — (a+ 6+ 1) —e*) + b(a+6+ 1) —e%), (6) 
or, 


Y=dbsin(X — Z) +1) sin Z. 


II. Toa quartic with a triple point, having real tangents and also a point of 
undulation, correspond «' types of translation-surfaces of the form 


or, 
sin (X — Z) sin X + (441) sin Z. 
III. Yoa quartic with a triple poini, one pair of whose tangents are imaginary, 
there correspond * translation-surfaces of the form 


Y= (6—1)sin Z.(e* + *) + acos Z. (e* —e*) — [(b— 1) + sin 22. 
27 
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If the quartic also has a point of undulation, the corresponding surface is ( «' types): 
Y = (6—1) sin Z (e* +e*) + 20 bcos Z(e* —e *) (64+ 1)? sin 2 Z. 
IV. Joa quartic with a triple point, two of whose tangents are coincident, there 
correspond «' types of surfaces 
Y=4X*— bX (e? + €7”). 
V. Toa quartic which in addition to the triple point (two coincident tangents) 
also has a point of undulation there corresponds a single type of surfaces of the form 


Y=4xX*—4X (Ae +e%). 
The last two surfaces may also be put im the form 


Y= —}X*— 2b cos Z.X, 
Y= —4X*— 4X cos Z. 


VI. [f finally all the tangents at the triple point coincide, two types of algebraic 
surfaces are obtained which have been discussed in a former paper,* where the proof 
is given. 

We now give a résumé of the results obtained: 


PLANE AT INFINITY. Space (X, Y, Z). 


Quartics with a triple point (real tan- fa. Y = b(e** —e**) —(a+0+4+1) (—e*) + b(a+b4+1) (e?—e-”). 


gents). lb. Y= bsin(X — Z)— (a+b +1)sin X+ b(a +b +1)sin Z. 


2 2 ‘ 2 
. Quartics with a triple point and a point |a. Y= — — +1) (e* — e-*) + + 1) — 6-7). 


b. sin(X— Z) + +1) sin + +1) sin Z. 

Quartics having a triple point with one ¢ Y— ($—1)sin Z.(e* +e-*) wcosZ. (e*—e-*) —1[(b—1)* ]8in 2Z. 
real and two imaginary tangents. 


real and two imaginary tangents and 
also a point of undulation. 


. Quartics having a triple point with one = (b—1)sin + e-*) + cos Z (eX —e-*) sin 2Z. 


. Quartics with a triple point, two of the { Y=1X°-—bX(e +7"). 


tangents being coincident. 


tangents being coincident, and having 
also a point of undulation. 


. Quartics with a triple point, two of the V=1X'-1XY (+e). 


. Quartics with a triple point, all three { Algebraic surface. 


tangents being coincident. 


Quartic with a triple point, coincident { Algebraic surface. 
tangents, and a point of undulation. 


* Am. Jour. of Math., vol. 29: On a Certain Class of Algebraic Translation-Surfaces, pp. 384-385. 
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Quartics with a Tac-Node and Double Point. 


A quartic with a tac-node and a double point takes the following form after 

a proper projective transformation : 
at + ca®y + + ay’2? + ba*yz = 0. (1) 
By means of an affinity transformation this curve may be thrown into the form 
(s = 1): 
at + ay + a’y + ay’ + bry? = 0, 


which may be represented parametrically as follows: 


We shall distinguish between 5 cases: 

1. a >74, the tac-node is imaginary. 

2. a<t, the tac-node is real. 

3. a =f, ramphoid cusp and a node. 

4. b=0, tac-node and cusp (node either real or imaginary according 

as a 4). 

5. a=4, b=0, ramphoid cusp and cusp. 
The last case gives rise to an algebraic surface, as we have shown in a former 
paper, and will not be discussed here. We shall not go into the details of the 
calculations, only giving the chief results. 

1. In the first case we obtain the surface 


Up, 


Y=! 9 
°8 (6, + 8) + 8)’ ( 


+ 4) dp, dp, 
Z 
+ + pi)’ + + p3)”’ 


which, after integrating and transforming linearly, may be written (a > 4): 


1 
X= ten? + tan 


/a—t / 
Y=log 3 
°5 (6, + 8) (p2 + 5)’ (3) 
Pite fete 
pe’ 


| 
p+6 + 
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Eliminating p, and p, from these equations we obtain a surface of the form 


Z= tan? X + Be’ + C tan? X + De’ tan’ X + He” tan X+ Fe Ytan X+ Ge’ + Atan 


tan? X¥+ + O' tan?X + F’e’tan X+ G’e’+ A’ tanX +1" 


We shall not endeavor to find the center of symmetry, as it involves very long 
calculations. 

2. In the second case we get the same form as (4), only, instead of tan _X, 
we must substitute e*. 

3. Putting a =z in (3) we obtain the surface 


36—1 
Qe 


from which, by elimination of p, and p, and tranforming to the center of symmetry, 
we obtain a surface of the form 


BX + OX? + EZ (5) 
A— BX + OX*—DX*— EZ 


4. When b= 0, we have the curve 


and the corresponding surface may be written: 


+ 3 
Pi Pe 
pi + 2a . 
and in casea< 7: 
X = log (p) — }—a) Vt—a) 
y=i+i, (7) 
2 


+ptpi 


1 1 
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From (6) we obtain a surface of the form 


tan’ X +BY? +C tan*X+DY tan’? X + tanX + FV 
A'Y* B’Y?+0' tan? X+ DY tan? X¥+ LY? tanX+ F' YtanX+ V+ A’ tanX+l"’ 


and from (7) a surface of the same form, e* being substituted for tan X. 


Remark. If in the second case the node is imaginary, the curve may be 
put in a suitable form so that, in (5), tan Y will appear instead of e”. 


Quartics with an Osc-Node. 


This case has been discussed in my former paper on algebraic translation- 
surfaces* with a fourfold mode of representation. It was found that the surface 
may be represented parametrically as follows: 


(> +5) +5) 4: 


ops 


(cps + 1) do, (cps 1) dp, 


2 2 + 2 2 7) 
J 


which we shall not discuss in detail. When c= + 2, we obtain an algebraic surface 
which has been treated in the previous paper. The classification of translation- 
surfaces connected with a unicursal quartic is thus completed. The cubic surface 
obtained on p. 178 deserves a closer study inasmuch as, from the standpoint of the 
theory of translation-surfaces, it holds a unique place in geometry. The existence 
and properties of such a surface fully realize the expectation of Georg Scheffers 
when he says (Acta Math., Vol. XXVIII, 1904, p. 90): “Die grosse Zahl ver- 
schiedenartiger Typen von Translationsflachen, die sich aus dem Lie’schen 
Theorem ergeben, ist bisher, so viel ich weiss, noch nicht genauer untersucht 
worden, obgleich ihre Betrachtung wegen des innigen Zusammenhangs mit dem 
Abel’schen Theorem sowohl in geometrischer als auch in analytischer Hinsicht 
gewiss sehr lohnend sein wiirde.” 


* On a Certain Class, etc.: Am. Jour. of Math. vol. 29, p. 382. 
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The interpretation of this and the previous paper from the standpoint of 
the theory of functions is so evident that we have not thought it worth while to 
dwell on it. The functions obtained are all degenerate Abelian Integrals of the 
second and third kind* (polar and logarithmic singularities). 


UNIVERSITY OF WEST VIRGINIA, July 20, 1907. 
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The Determination of the Conjugate Points for Discon- 
tinuous Solutions in the Calculus of Variations. 


By Oskar Bouza. 


In §§8 and 9 of his Inaugural-Dissertation, ‘“‘Ueber die discontinuierlichen 
Lésungen in der Variationsrechnung”’ (Gottingen, 1904), Caratheodory develops 
the general theory of the conjugate points for discontinuous solutions. The object 
of the present note is to derive Caratheodory’s results concerning conjugate points 
by a more direct method, to supplement them in certain points, and to give in 
particular, in explicit form, the equation which connects the parameters of a pair 
of conjugate points. 


§1. Sets of “Broken Extremals’’. 


In order that a curve P, P, P, with a ‘‘corner” at Py, but otherwise of 
class* C’, may minimizey the integral 


tg 
J= F(a, y, x, y/) dt, 


it is in the first place necessary that the two ‘‘continuous” branches P, P, and 
P, P, should separately satisfy the four necessary conditions for a minimum 
with fixed endpoints. In particular, each one of the two arcs P, P, and Py P, 
must be an extremal. 
Further, at the point P, (a, y%) Weierstrass-Erdmann’s corner-condition } 
must be satisfied: 
Fy Yo, C08 8in Sy) = Fy (2%, Yo, C08 Sp, sin 9p), 
(%, Yo COS So, SIN Sp) = F,, (xq, Yo, COS Iq, SIN dp), 


y 


(1) 


* Compare for the terminology my Lectures on the Calculus of Variations, §2,c) and § 24, a). 

tIn the sense defined in §24,c) of my Lectures and under the assumptions concerning the function 
F (a, y, x’, y’) stated in § 24, b). 

jt Compare Lectures, § 25, c). 
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where 3 denotes the amplitude of the positive tangent to the arc P, P, at P,, 
§, the amplitude of the positive tangent to the arc P, P, at Pp. 

We shall call a curve P, P, P, consisting of two arcs of extremals P, P, and 
P, P, a “broken extremal’’, if at P, this corner-condition (1) is satisfied. 


ob 


P, Fig, 1. 


We assume for the following discussion that the curve P, P, P, lies in the 
intertor of the domain of continuity F of the function F (compare Lectures, § 24, b), 
and that Legendre’s condition is satisfied in the stronger form* 


F,>0 (2) 
along each of the two branches P, P, and P, P,. 
Let now 
y=(é,a) (3) 


be any one-parameter set of extremals which contains the arc P, P, for a= ay, 
so that the arc P, P, is representable by the equations 


x= a), (Et, a), (4) 


D, Puts Vu 


The functions 


* Compare Lectures, § 27, b). 


P 
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are supposed * to be of class C’ as functions of ¢ and a in the domain 
|a—a| id, 
ho, 4, d being sufficiently small positive quantities. 

The extremal of the set (3) corresponding to a particular value a will be 
denoted by ©,; further we write © for ©,,. 

We propose to determine a point P (¢) on a given extremal ©, of the set (3), 
and at the same time a direction $ passing through P, such that the direction S$ 
together with the direction 3 of the positive tangent to the extremal ©, at P 
shall satisfy Weierstrass-Erdmann’s corner-condition for the point P. 

We have, then, for the determination of the two unknown quantities ¢ and 9, 
the two equations 

(¢, a), (t, a), a), (t, a)] Fy (é, a), a), cos >, sin >] 0, (5) 
Fy [9 (¢, 2), (4,4), & % (4, ] — Fy [ 4), 4), cos 3, sin 3] = 0. 

These equations are satisfied for t=, a =a), = 9, since according to our 
assumptions the broken extremal P, P, P, satisfies the corner-condition (1). 
Further, their left-hand members, which we denote by © (¢, a, 3) and ¥ (¢, a, S) 


respectively, are of class C’ in the vicinity of the point 4, aj, 3). Hence we can 
apply the theorem on implicit functions,{ provided that the Jacobian 


is different from zero at the point t), a, 9. If we write for brevity 
cos} = p, sin} = q; cosd= p, sind 


and remember that along the extremal P, P, 


we obtain: 
®, = F, — F,,,, — Fayy, = F,— — Fy, y, 
(6) 
®;= F,q, — iP; 


* The existence of an infinitude of sets of extremals satisfying these conditions is a consequence of our 
assumptions according to certain existence theorems on differential equations; compare Kneser, Lehrbuch der 
Variationsrechnung, 327, and Bolza, Trans. Amer. Math. Soc., Vol. VII (1906), p. 464. 

+tSince F,, Fy are positively homogeneous of dimension zero in zx’, y’, we may replace in these functions 
cos J, sin by (t, a), (¢, a). 

t~ Compare, for instance, Osgood, Lehrbuch der Functionentheorie, Vol. I, p. 52. 


_ (®, ¥) 
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where the arguments of F,,, F, are: o(t,a), v(t,a), (4,4); 
those of F,, F,,,, etc.: p(t,a), Y(t,a), p, 
Making use of the homogeneity properties* of the function F and its partial 
derivatives, we obtain for the above Jacobian: 
where now the two last arguments in I, F, are p, q. 
The first two factors of J,; are different from zero for t= t, a=a), 3= Y. 
Hence if we put, with Caratheodory, 
Q (2, Yo) = po (®oy Yor Pos Yo) + Go (Xo, Yo, Por ) (8) 


Po F, (xo, Yo: Po» q) F, (%, Yo, Po» 
where 
=CO8S), = SID Py = COSH), Jo = 


we have the result: 
If the condition 


Q (a, Yo) (9) 
is satisfied, there exists one and but one system of functions 
t=t(a), 5=S(a), (10) 


of class C' in the vicinity of a =a), which satisfies the two equations (5) and the 
initial conditions 

t (a) = %, = (11) 
The functions (10) represent, at least for the vicinity of the point Py, the solution 


of the problem proposed above. 
From our assumption (2), applied to the point P, and the branch P, P,, 


it follows that 
F,(9 [¢(a), a], ¥[¢(a), a], cos3(a), sin (a)) + 0 
for all sufficiently small values of |a—ay|. Hence it is possible to construct 


one and but one extremal 

E,: «= y=r(t,a) (12) 
through the point P in the direction $(a). The parameter ¢ can be so selected 
that also on &, the value ¢=¢(a) furnishes the point P, so that 


$ [¢(a), 4] =9 [¢(a), a], a]. (13) 


* Compare Lectures, §24, b) equations (8) and (10). 
+ According to Cauchy’s existence theorem on differential equations; compare Lectures, § 25, b). 
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We thus obtain a broken extremal ©, + ©, with a‘corner at P, on which 
the parameter ¢ varies continuously. If we let a vary, we obtain a set of broken 
extremals. We shall call the set (12) the set of extremals complementary to the 
set (3). On account of (11) it contains, fora—ay, the extremal & of which 
the arc P, P, forms a part. 

From the properties of the integrals of a system of differential equations as 
functions of their initial values,* it follows that the functions ¢(é, a), p(t, a) 
have the same continuity properties as the functions @(¢, a), } (¢,@), in a domain 


hy |a—a| id. 


§2. The Corner-Curve.t 


If we let a vary, the corner P describes a curve ©, which we call the 
“corner-curve”’. If we define the functions %(a), y (a) by the equations 


y(a)=¥[¢(a), a], (14) 
or, what amounts to the same thing according to (13), 
x (a)=$[¢(a),4], y(a)=V[¢(a), 2], (14a) 


the corner-curve is given in parameter-representation by the equations 
6: 2=%(a), y=9(), 
and any particular value of a furnishes that point of © which is the corner for 
the corresponding broken extremal ©, + C,. 
We propose first to compute the slope tan of the tangent to the corner- 


curve & at the point P. 
From the definition of the functions xz, y, we obtain for their derivatives 
with respect to a: 
a= (a) +o, (a) + Vai 


and from (5) we obtain, according to the rules for the differentiation of implicit 


functions, 
t (a) a ’ 
where 4 
_ P) 


* Compare Kneser, Lehrbuch der Variationsrechnung, §27, and Bliss, The Solution of Differential Equations 
of the First Order as Functions of their Initial Values, Annals of Mathematics, Ser. 2, Vol. VI, p. 49. 
+ Caratheodory’s ‘‘ Knickpunkt-Curve”’. 
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But _ 
= Da + Va + Pea + Fy y Va — 2 Pa — Pry yas 
= Fy Pa + Py y Va + Pat Fy Pa — 


the functions F,,,, F,, Fy, Fy, are positively homogeneous of dimension 
zero with respect to their last two arguments p, g; hence we may replace p and g 
by 9, (¢, a) and y,(t, a) respectively. This being done, we express all the partial 
derivatives of F' in terms of Weierstrass’ functions*: F,, LZ, M,N. The result is 
®,, — Ao, — — 9" — (15 
where 
A=L—L, B=M—M, 
the quantities Z, M/, N refer to the point P and the extremal ©,, the quantities 
L, M, N to the point P and the extremal €,. Finally, the last two arguments 
of F, and F, are z’, y' and 2’, 7 respectively. 
From (15) and (6) we obtain 
Jus = + 9) Fy (AH + BY) + + CH) —A, F, (a! (16) 
At the same time the expression (7) for J,, may be thrown into another form, 
if we remember the homogeneity properties of F,, /,, #, and make use of the 
relations ¢ 
Lei+My=F,, Me +NY=F,; 
we thus obtain 
= + Fy + Bil + (17) 
The comparison between the two expressions for J,; leads to a second form 
for the quantity Q (a, y); viz., 
Q (a, y) =Appt+ B(pg+aqp)t+ (18) 
We thus finally obtain 
Ada+ (19) 


* Compare Lectures, Chap. IV, equations (11 a) and (35). 
+ Compare Lectures, p. 182. 
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Hence follows, for the slope tan S of the tangent to the corner-curve © at the point P, 


the expression 
A(Av+ By) +yA,F,(2'y —y'z) 
tan $ = 4, F(a 


§3. Interrelation Between the Slope of the Corner-Curve at P, and the Focal-Points 
of the Set of Broken Extremals. 


We now consider in particular the question how the slope tan 9, of the tangent 
to the corner-curve at P, depends upon the choice of the set of extremals (3): 
For this purpose we have to put a= a) in (20), and consequently, according to 
(11), the argument ¢= in a’, #, y', A(t,a), equal to 4. In the 
resulting expression for tan §,, the Jacobian A (f, a) and its derivative 
A, (f, @) are the only quantities which depend upon the choice of the set of 
extremals (3). 

The function A (¢, a), in its turn, is determined to a constant factor by the 
condition that it satisfies Jacobi’s differential equation* for the extremal G,, viz., 


d du 
=o (21) 


and by one of its zeros. Let t= be the zero of A(t, next smaller than 
so that the corresponding point of ©, which we denote by Q, is the focal point t 
of the set (3) on G& . Then 

A (t, ay) = Const. © (¢, 7), 


where O(t,7) is the function which determines in Weierstrass’ { theory the 
conjugate point to @. We may therefore write 


—_49(h,7) +69, 7) 
where 
a = Ay py + Bog; — do) 


the subscript 0 indicating that the quantities to which it is affixed are to be 
computed for the point Po. 


* Compare Lectures, pp. 40 and 200. 
+Compare Kneser, Lehrbuch der Variationsrechnung, § 24, and my Lectures, § 38. 


{Compare Lectures, p. 135. 
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The coefficients a, 3, y, 6 are therefore independent of tr. Hence the slope 
of the corner-curve & at P, is the same for all sets of extremals (3) which have the 
same focal point Q, the set of extremals through the point @ being included 


among the latter. 
We examine next how the slope tan S$, varies when the focal point Q 
describes the extremal &. For this purpose, we compute the derivative of 


tan with respect to 


d tan (a §— B (t), T) O,, (t, T) — (6, T) O, 7) 
dt {yO 7) + 


But from the definition of © (t, 7) it follows that 


(ty), 7) (to, 7) — (4, T) O, (to, 7) 
= (fo) (to) — Se (to) (7) (7) — (7) 
where S$, (¢), 9,(¢) are two linearly independent solutions of Jacobi’s differential 
equation (21). Hence from the theory of linear differential equations it follows* 


that 
k 
/ / 
(4) 33 () —ROHO= F,(t)’ 
where & is a constant different from zero. 
On the other hand we get, on substituting the values of a, 6, y, 4, 


ad— y=, (t) 8in (Sp So) Q Yo) + yo"). 
Hence it follows that 


a tan — + sin (do So) Q (xo, Yo) (24) 


dt (7) T) 60, (4, 
We suppose for the further discussion that 


— F 0 (mod x), (25) 


and that the inequality (2) holds not only for the arc P, Py of the extremal ©, 
but also for its continuation beyond P,, at least as far as the point Pj (¢ = 4) 


whose conjugate the point P, is. 
And now we let ¢ increase from ¢j to t); %.¢., we let the point Q describe the 


extremal ©, from Pj to P). The derivative of tan §, will then always have a 


* Compare, for instance, Lectures, p. 58, footnote’. 
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constant sign, since Q (2, y), which is independent of 7, is supposed to be 
different from zero. For r= and r=%, but for no other value between them, 


the function © (¢,, 7) vanishes and tan 9, takes the value 


Hence we have the result : 

While the point Q describes the extremal &, from Pi, to Py, the line* 3, revolves 
about the point P, from the initial position 3) constantly in the same sense through 
an angle of 180°. The rotation takes place: 

In positive sense, when Q (25, 4) sin (99) — %) < 0; 

In negative sense, when Q (a, y) sin (9) — Sy) > 0. 
It passes therefore once and but once through the position 3. We denote the 
value of ¢ for which this takes place by e, and the corresponding point t of &, 
by &,. For the discussion of sufficient conditions, it is important to distinguish 
whether the line S, lies in the anglet between the two branches P, Py and P, P; 
or outside of it. Four cases must be distinguished according to the signs of 
Q (a, yo) and sin (9) — 3,). The result is : 

While the point Q moves from P} to E,, the line 8, revolves from the position 3, 
into the position 3), inside of the angle between P, Py and Py P, when Q(ay, yo) >9, 
outside of it when Q (a9, Yo)<0. As the point Q moves on from E, to Py, the line S, 
continues its rotation from the position 3) into the position 3,, vutside of the angle m 
question when Q (x9, Yo) > 0, inside of ut when Q (xo, yo) < 9. 

Conversely: To every line §, through the point P, which is tangent to 
neither of the two arcs P, P,, Py P, at Py, there belongs one and but one 
point Q, between Py and Py, such that the corner-curve for every set of extremals 
(3) for which @ is the focal point, touches the Jine 3, at Py. 

The value of ¢ belonging to a given line 3, is obtained by solving equation 
(22) with respect to 7. The equation may be thrown into the form 

[Ao Po Po + Bo (Po Yo + Yo Po) + Co Go qos (to, 7) (26) 

— (2x4? + F, (t) sin (9p — Sp) sin (Sp — © (6, 7) = 0, 
where 
fy = = sin YX. 


* I, e., the line through P, of slope tan w,. 
+ Caratheodory denotes this point by #,; see Dissertation, p. 31. 


t 7. e., that one of the two angles formed by the half-rays 7, and J, + a which is less than x. 


29 


| 
tan §, = a tan. 
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Case I: sin (9, — > 0, yp) >9. 


Fig. 2. 


Case II: sin (3, — J) >0, 2 (x, <0. 


Fig. 3. 
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Case III: sin (9, — 9) << 0, Q > 0. 


Fia. 4. 


Case IV: sin (3, — 3) <0, 2 (x, yy) <9. 


Fia. 5. 
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In particular, the equation for the determination of the parameter ¢ of the point 
E, is obtained by putting, in (26), 8, = 9%. 


§4. The Conjugate Points of Discontinuous Solutions. 


Let, for a moment, the equations (12) represent any set of extremals con- 
taining, for a= ay, the extremal ©. We may then propose for the set (12) the 
same problem which we have solved in §1 for the set (3). The only difference 
will be that in the equations (5) the symbols ¢, y, 9 must be interchanged 
with $, J, S$, and the same interchange must be applied in the results; in this 
process the quantities A, B, C are changed into — A, —B,—C. Accordingly, 
if Q (t= 7) be the focal point of the set (12) on G, the slope of the corner-curve 
belonging to the set (12) at P, is 


a (t + BO, 7) 
tan §, 27 
(ty, 2) + 9, 7) 


where the quantities a, 3, y, 6 are derived from a, 3, y, ) by the above interchange, 
and © has the same meaning for & as © for &. 

Conversely, we obtain the value of T corresponding to a given line 5 by 
solving equation (27). We denote the value of t corresponding to the particular 
line 3) by & and the corresponding point of & by Hy; this point lies between the 
point P, and its conjugate Pi (¢= ¢)) on G. 

Let now the equation (12) denote again, as in §1, the particular set of 
extremals complementary to the set (3). The two sets (3) and (12) will then 
have the corner-curve in common; hence we have, in this case, 


~ ~ 


We obtain, therefore, the focal point of the set (12) complementary to the set (3) 
by equating the right-hand members of the two equations (22) and (27) and 
solving the equation thus obtained with respect to t. After some reductions 
the following result is obtained : 

If t=¢ be the parameter of the focal point Q of the set of extremals (3) on &, 
and t= the parameter of the focal point Q of the set (12), complementary to(3), 
on &, then the following relation holds between t and Tt: 
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(Ay — Bi) (t, 7) © 7) 
— (x4? + yh?) Fy (to) (Ao pi + 2 Bo pogo + G3) 9 7) 


+ (Bl? + HP) (do BE 2 Bo Bodo + (4 7 7) 


— (24? + (to) Fy (6) sin® (By — 7) 


(28) 


The two points Q and Q are called, according to Caratheodory,* a pair of 
conjugate points of the broken extremal & + €,. According to a previous remark, 
the point Q conjugate to Q on © + may also be defined as the focal point on &, 
of the set of extremals which is complementary to the set of extremals through the point Q. 

In Figs. 2 to 5 the interrelation between the points Q and Q and the line S, 
is indicated. For instance, in Case I the point Q moves on & from FE, to Pi 
while the point Q moves on &, from P/ to Hy; at the same time the line 9, 
revolves about P, from the position 3), in the sense of the arrow, into the 
position 

The conjugate points thus defined play for the discontinuous solutions a réle 
similar to that of the ordinary conjugate points for continuous solutions, at least 
in the case when the line §, lies inside the angle of the two branches P, P,, P, Po. 
We refer in this respect to Caratheodory’s dissertation, § 9. 
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* Caratheodory restricts, however, the definition to the case when the line ¥, lies inside of the angle of the 


two branches P, 
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Mathematical Logic as based on the Theory of Types. 


By BeErtrRAND RUvSSELL. 


The following theory of symbolic logic recommended itself to me in the first 
instance by its ability to solve certain contradictions, of which the one best 
known to mathematicians is Burali-Forti’s concerning the greatest ordinal.* But 
the theory in question seems not wholly dependent on this indirect recom- 
' mendation ; it has also,.if [ am not mistaken, a certain consonance with common 
sense which makes it inherently credible. This, however, is not a merit upon 
which much stress should be laid; for common sense is far more fallible than it 
likes to believe. I shall therefore begin by stating some of the contradictions to 
be solved, and shall then show how the theory of logical types effects their 
solution. 

I, 
The Contradictions. 


(1) The oldest contradiction of the kind in question is the Hpimenides. 
Epimenides the Cretan said that all Cretans were liars, and all other statements 
made by Cretans were certainly lies. Was this a lie? The simplest form of this 
contradiction is afforded by the man who says “ I am lying;”’ if he is lying, he 
is speaking the truth, and vice versa. 

(2) Let w be the class of all those classes which are not members of them- 
selves. Then, whatever class x may be, “ax is a w’’ is equivalent + to “x is not 
an x.”’? Hence, giving to x the value w, ‘‘w is a w”’ is equivalent to “w is not 
aw.” 

(3) Let 7’ be the relation which subsists between two relations #& and S 
whenever £ does not have the relation & to 8. Then, whatever relations & and 
S may be, ‘‘ # has the relation 7 to S”’ is equivalent to ‘‘f does not have the 


*See below. 
+ Two propositions are called equivalent when both are true or both are false. 


| 
‘ 
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relation R to S.” Hence, giving the value 7’to both FR and 8, “ 7 has the rela- 
tion 7’ to T”’ is equivalent to ‘‘ 7 does not have the relation T to 7.” 

(4) The number of syllables in the English names of finite integers tends 
to increase as the integers grow larger, and must gradually increase indefinitely, 
since only a finite number of names can be made with a given finite number of 
syllables. Hence the names of some integers must consist of at least nineteen 
syllables, and among these there must be a least. Hence “ the least integer not 
nameable in fewer than nineteen syllables” must denote a definite integer; in 
fact, it denotes 111,777. But-‘‘the least integer not nameable in fewer than 
nineteen syllables” is itself a name consisting of eighteen syllables; hence the 
least integer not nameable in fewer than nineteen syllables can be named in 
eighteen syllables, which is a contradiction.* 

(5) Among transfinite ordinals some can be defined, while others can not; 
for the total number of possible definitions is %), while the number of trans- 
finite ordinals exceeds %). Hence there must be indefinable ordinals, and 
among these there must be a least. But this is defined as “‘ the least indefinable 
ordinal,” which is a contradiction. 

(6) Richard’s paradox f{ is akin to that of the least indefinable ordinal. It 
is as follows: Consider all decimals that can be defined by means of a finite 
number of words; let E be the class of such decimals. Then # has yx, terms; 
hence its members can be ordered as the Ist, 2nd, 3rd,..... Let N bea number 
defined as follows: If the nth figure in the mth decimal is p, let the nth figure 
in Nbe p+1 (or 0, if p=9). Then Nis different from all the members of E, 
since, whatever finite value n may have, the nth figure in WN is different from the 
nth figure in the nth of the decimals composing #, and therefore WN is different 
from the nth decimal. Nevertheless we have defined JN in a finite number of 
words, and therefore V ought to be a member of #. Thus N both is and is not 


a member of £. 
(7) Burali-Forti’s contradiction § may be stated as follows: It can be shown 


*This contradiction was suggested to me by Mr. G. G. Berry of the Bodleian Library. 

+ Cf. Konig, ‘‘ Ueber die Grundlagen der Mengenlehre und das Kontinuumproblem,” Math. Annalen, Vol. 
LXI (1905); A. C. Dixon, ‘‘On ‘well-ordered’ aggregates,’ Proc. London Math. Soc., Series 2, Vol. IV, Part I 
(1906); and E. W. Hobson, ‘‘On the Arithmetic Continuum,” ibid. The solution offered in the last of these 
papers does not seem to me adequate. 

t Of. Poincaré, ‘Les mathématiques et la logique,” Revue de Métaphysique et de Morale, Mai, 1906, especially 
sections VII and IX; also Peano, Revista de Mathematica, Vol. VIII, No. 5 (1906), p. 149 ff. 

§««Una questione sui numeri transtfiniti,’’ Rendiconti del circolo matematico di Palermo, Vol. XI (1897). 


i 


| 

| 

| 

| 

4 

| 


224  Russett: Mathematical Logic as based on the Theory of Types. 


that every well-ordered series has an ordinal number, that the series of ordinals 
up to and including any given ordinal exceeds the given ordinal by one, and (on 
certain very natural assumptions) that the series of all ordinals (in order of 
magnitude) is well-ordered. It follows that the series of all ordinals has an 
ordinal number, Q say. But in that case the series of all ordinals including Q 
has the ordinal number + 1, which must be greater than Q. Hence Q is not 
the ordinal number of all ordinals. 

In all the above contradictions (which are merely selections from an 
indefinite number) there is a common characteristic, which we may describe as 
self-reference or reflexiveness. The remark of Epimenides must include itself 
in its own scope’ If all classes, provided they are not members of themselves, 
are members of w, this must also apply to w; and similarly for the analogous 
relational contradiction. In the cases of names and definitions, the paradoxes 
result from considering non-nameability and indefinability as elements in names 
and definitions. In the case of Burali-Forti’s paradox, the series whose ordinal 
number causes the difficulty is the series of all ordinal numbers. In each con- 
'tradiction something is said about all cases of some kind, and from what is said 
a new case seems to be generated, which both is and is not of the same kind as 
the cases of which al] were concerned in what was said. Let us go through the 
contradictions one by one and see how this occurs. 

(1) When a man says ‘I am lying,” we may interpret his statement as: 
“‘There is a proposition which I am affirming and which is false.’ All state- 
ments that “‘there is’”’ so-and-so may be regarded as denying that the opposite 
is always true; thus ‘‘[ am lying”’ becomes: ‘It is not true of all propositions 
that either I am not affirming them or they are true;” in other words, “It is 
not true for all propositions p that if I affirm p, p is true.’ The paradox 
results from regarding this statement as affirming a proposition, which must 
therefore come within the scope of the statement. This, however, makes it 
evident that the notion of “‘all propositions” is illegitimate ; for otherwise, there 
must be propositions (such as the above) which are about all propositions, and 
yet can not, without contradiction, be included among the propositions they are 
about. Whatever we suppose to be the totality of propositions, statements about 
this totality generate new propositions which, on pain of contradiction, must lie 
outside the totality. It is useless to enlarge the totality, for that equally 
enlarges the scope of statements about the totality. Hence there must be no 
totality of propositions, and “all propositions”? must be a meaningless phrase. 
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(2) In this case, the class w is defined by reference to ‘all classes,”’ and then 
turns out to be one among classes. If we seek help by deciding that no class is 
a member of itself, then w becomes the class of all classes, and we have to decide 
that this is not a member of itself, 7. ¢., is not a class. This is only possible if 
there is no such thing as the class of all classes in the sense required by the 
paradox. That there is no such class results from the fact that, if we suppose 
there is, the supposition immediately gives rise (as in the above contradiction) 
to new classes lying outside the supposed total of all classes. 

(3) This case is exactly analogous to (2), and shows that we can not 
legitimately speak of “all relations.”’ 

(4) “The least integer not nameable in fewer than nineteen syllables” 
involves the totality of names, for it is ‘the least integer such that all names 
either do not apply to it or have more than nineteen syllables.” Here we 
assume, in obtaining the contradiction, that a phrase containing “all names”’ is 
itself a name, though it appears from the contradiction that it can not be one of 
the names which were supposed to be all the names there are. Hence “all 
names ”’ is an illegitimate notion. 

(5) This case, similarly, shows that “all definitions” is an illegitimate 
notion. 

(6) This is solved, like (5), by remarking that ‘all definitions” is an 
illegitimate notion. Thus the number £ is noé defined in a finite number of 
words, being in fact not defined at all.* 

(7) Burali-Forti’s contradiction shows that ‘all ordinals”’ is an illegitimate 
notion; for if not, all ordinals in order of magnitude form a well-ordered series, 
which must have an ordinal number greater than all ordinals. 

Thus all our contradictions have in common the assumption of a totality 
such that, if it were legitimate, it would at once be enlarged by new members 
defined in terms of itself. 

This leads us to the rule: ‘‘ Whatever involves all of a collection must not 
be one of the collection ;” or, conversely: ‘If, provided a certain collection had 
a total, it would have members only definable in terms of that total, then the 
said collection has no total.’ + 


* Cf. ‘*Les paradoxes de la logique,’’ by the present author, Mevue de Métaphysique et de Morale, Sept., 1906, 


p. 645. 
{ When I say that a collection has no total, I mean that statements about a/l its members are nonsense. 


Furthermore, it will be found that the use of this principle requires the distinction of all and any considered in 
Section II. 
30 
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The above principle is, however, purely negative in its scope. It suffices to 
show that many theories are wrong, but it does not show how the errors are to 
be rectified. We can not say: ‘‘When I speak of all propositions, I mean all 
except those in which ‘all propositions’ are mentioned;”’ for in this explanation 
we have mentioned the propositions in which all propositions are mentioned, 
which we can not do significantly. It is impossible to avoid mentioning a thing 
by mentioning that we won’t mention it. One might as well, in talking to a 
man with a long nose, say: ‘‘ When I speak of noses, I except such as are inor- 
dinately long,”’ which would not be a very successful effort to avoid a painful 
topic. Thus it is necessary, if we are not to sin against the above negative 
principle, to construct our logic without mentioning such things as ‘‘all propo- 
sitions”’ or ‘‘all properties,’’ and without even having to say that we are 
excluding such things. The exclusion must result naturally and inevitably from 
our positive doctrines, which must make it plain that ‘all propositions”? and 
‘fall properties’’ are meaningless phrases. 

The first difficulty that confronts us is as to the fundamental principles of 
logic known under the quaint name of “laws of thought.” ‘All propositions 
are either true or false,” for example, has become meaningless. If it were 
significant, it would be a proposition, and would come under its own scope. 
Nevertheless, some substitute must be found, orall general accounts of deduction 
become impossible. 

Another more special difficulty is illustrated by the particular case of 
mathematical induction. We want to be able to say: ‘If nis a finite integer, 
n has all properties possessed by 0 and by the successors of all numbers possess- 
ing them.”’ But here ‘‘all properties’? must be replaced by some other phrase 
not open to the same objections. It might be thought that ‘all properties pos- 
sessed by 0 and by the successors of all numbers possessing them” might be 
legitimate even if ‘all properties’? were not. But in fact this is not so. We 
shall find that phrases of the form “all properties which eééc.” involve all prop. 
erties of which the ‘“‘ etc.” can be significantly either affirmed or denied, and not 
only those which in fact have whatever characteristic is in question; for, in the 
absence of a catalogue of properties having this characteristic, a statement 
about all those that have the characteristic must be hypothetical, and of the 
form: “It is always true that, if a property has the said characteristic, then 
etc.” Thus mathematical induction is prima faci incapable of being significantly 
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enunciated, if “all properties ” is a phrase destitute of meaning. This difficulty, 
as we shall see later, can be avoided; for the present we must consider the laws 
of logic, since these are far more fundamental. 


II. 
All and Any. 


¥ Given a statement containing a variable x, say “a= ~2,’’ we may affirm that 
this holds in all instances, or we may affirm any one of the instances without 
deciding as to which instance we are affirming. The distinction is roughly the 
same as that between the general and particular enunciation in Euclid. The 
general enunciation tells us something about (say) all triangles, while the par- 
ticular enunciation takes one triangle, and asserts the same thing of this one 
triangle. But the triangle taken is any triangle, not some one special triangle ; 
and thus although, throughout the proof, only one triangle is dealt with, yet the 
proof retains its generality. Ifwesay: ‘Let ABC be a triangle, then the sides 
AB, AC are together greater than the side BC,” we are saying something about 
one triangle, not about al/ triangles; but the one triangle concerned is absolutely 
ambiguous, and our statement consequently is also absolutely ambiguous. We 
do not affirm any one definite proposition, but an undetermined one of all the 
propositions resulting from supposing ABC to be this or that triangle. This 
notion of ambiguous assertion is very important, and it is vital not to confound 


an ambiguous assertion with the definite assertion that the same thing holds in, 


all cases. , 
The distinction between (1) asserting any value of a propositional function, 


and (2) asserting that the function is always true, is present throughout mathe- 
matics, as it is in Huclid’s distinction of general and particular enunciations. In 
any chain of mathematical reasoning, the objects whose properties are being 
investigated are the arguments to any value of some propositional function. 
Take as an illustration the following definition : 

“We call f(x) continuous for =a if, for every positive number o, different 
from 0, there exists a positive number e, different from 0, such that, for all 
values of 5 which are numerically less than ¢, the difference f(a + 6)—/(a) is 
numerically less than o.”’ 

Here the function // is any function for which the above statement has a 


meaning; the statement is about f, and varies as f varies. But the statement 
is not about o or ¢ or 5, because all possible values of these are concerned, not 
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one undetermined value. (In regard to «, the statement ‘‘ there exists a positive 
number « such that efc.’”’ is the denial that the denial of “‘etc.’”’ is true of all 
positive numbers.) For this reason, when any value of a propositional function 
is asserted, the argument (e.g., fin the above) is called a real variable; whereas, 
when a function is said to be always true, or to be not always true, the argument 
is called an apparent variable.* Thus in the above definition, f is a real 
variable, and o, ¢, 6 are apparent variables. 

When we assert any value of a propositional function, we shall say simply 
that we assert the propositional function. Thus if we enunciate the law of 
identity in the form ‘‘x = a,” we are asserting the function ““x—=«a;” 7. ¢@, we 
are asserting any value of this function. Similarly we may be said to deny a 
propositional function when we deny any instance of it. We can only truly 
assert a propositional function if, whatever value we choose, that value is true; 
similarly we can only truly deny it if, whatever value we choose, that value is 
false. Hence in the general case, in which some values are true and some false, 
we can neither assert nor deny a propositional function. 

If x is.a propositional function, we will denote by ‘‘(a). gx” the propo- 
sition ‘pax is always true.” Similarly “(x, y).@(a, y)” will mean y) is 
always true,’”’ and so on. Then the distinction between the assertion of all 
values and the assertion of any is the distinction between (1) asserting (x). ox 
and (2) asserting @x where xz is undetermined. The latter differs from the 
former in that it can not be treated as one determinate proposition. 

The distinction between asserting @x and asserting (x). x was, I believe, 
first emphasized by Frege.{ His reason for introducing the distinction explicitly 
was the same which had caused it to be present in the practice of mathematicians; 
namely, that deduction can only be effected with real variables, not with apparent 
variables. In the case of Euclid’s proofs, this is evident: we need (say) some 
one triangle ABC to reason about, though it does not matter what triangle it is. 
The triangle ABC is a real variable; and although it is any triangle, it remains 
the same triangle throughout the argument. But in the general enunciation, 


* These two terms are due to Peano, who uses them approximately in the above sense. Cf.,e¢. g., Hormulaire 


Mathématique, Vol. IV, p. 5 (Turin, 1903). 
+Mr. MacColl speaks of ‘‘ propositions” as divided into the three classes of certain, variable, ana im- 
possible. We may accept this division as applying to propositional functions. 
asserted is certain, one which can be denied is impossible, and all others are (in Mr. MacColl’s sense) variable. 
{See his Grundgesetze der Arithmetik, Vol. I (Jena, 1893), §17, p. 31. 


A function which can be 
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the triangle is an apparent variable. If we adhere to the apparent variable, we 
can not perform any deductions, and this is why in all proofs, real variables 
have to be used. Suppose, to take the simplest case, that we know “ ¢z is 
always true,” pa,” and we know ‘‘pa always implies ya,” t.e. “(x). {oa 
implies How shall we infer is always true,” pa?” We 
know it is always true that if pz is true, and if gx implies Ya, then Ya is true. 
But we have no premises to the effect that gaz is true and gx implies ya; what 
we have is: $x is always true, and ox always implies yx. In order to make our 
inference, we must go from “zx is always true” to @z, and from ‘ox always 
implies yx” to “gx implies yx,” where the x, while remaining any possible 
argument, is to be the same in both. Then, from “ox” and “ga implies ya,” 
we infer “wa;”’ thus yx is true for any possible argument, and therefore is 
always true. Thus in order to infer “(x). Px from “(x).g@a” and “(zx). {ou 
implies Ya|,’”’ we have to pass from the apparent to the real variable, and then 
back again to the apparent variable. This process is required in all mathematical 
reasoning which proceeds from the assertion of all values of one or more propo- 
sitional functions to the assertion of all values of some other propositional 
function, as, e. g., from “‘all isosceles triangles have equal angles at the base”’ to 
“all triangles having equal angles at the base are isosceles.”’ In particular, this 
process is required in proving Barbara and the other moods of the syllogism. 
In a word, all deduction operates with real variables (or with constants). 

It might be supposed that we could dispense with apparent variables 
altogether, contenting ourselves with any as a substitute for all. This, however, 
is not the case. Take, for example, the definition of a continuous function quoted 
above: in this definition o, e, and 5 must be apparent variables. Apparent 
variables are constantly required for definitions. Take, e. g., the following: 
“‘An integer is called a prime when it has no integral factors except 1 and itself.” 
This definition unavoidably involves an apparent variable in the form: “If x is 
an integer other than 1 or the given integer, » is not a factor of the given integer, 
for all possible values of n”’ 

/The distinction between all and any is, therefore, necessary to deductive 
reasoning, and occurs throughout mathematics; though, so far as I know, its 
importance remained unnoticed until Frege pointed it out. 

For our purposes it has a different utility, which is very great. In the case 
of such variables as propositions or properties, “any value”’ is legitimate, though 
‘all values” is not. Thus we may say: ‘“‘p is true or false, where p is any 


. 
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proposition,” though we can not say “‘all propositions are true or false.’ The 
reason is that, in the former, we merely affirm an undetermined one of the 
propositions of the form ‘‘» is true or false,’ whereas in the latter we affirm (if 
anything) a new proposition, different from all the propositions of the form 
“‘» is true or false.’ Thus we may admit “any value” of a variable in cases 
where “all values’”’ would lead to reflexive fallacies; for the admission of ‘‘ any 
value”’ does not in the same way create new values. Hence the fundamental 
laws of logic can be stated concerning any proposition, though we can not 
significantly say that they hold of all propositions. These laws have, so to 
speak, a particular enunciation but no general enunciation. There is no one 
proposition which ts the law of contradiction (say); there are only the various 
instances of the law. Of any proposition p, we can say: ‘‘p and not-p can 
not both be true;” but there is no such proposition as: ‘‘ Every proposition p 
is such that p and not-p can not both be true.” 

A similar explanation applies to properties. We can speak of any property 
of 2, but not of all properties, because new properties would be thereby 
generated. Thus we can say: “If n is a finite integer, and if 0 has the prop- 
erty ¢, and m+ 1 has the property @ provided m has it, it follows that n has 
the property @.”’ Here we need not specify @; @ stands for “any property.” 
But we can not say: “A finite integer is defined as one which has every property 
possessed by 0 and by the successors of possessors.”’ For here it is essential 
to consider every property,” not any property ; and in using such a definition we 
assume that it embodies a property distinctive of finite integers, which is just 
the 4 of assumption from which, as we saw, the reflexive contradictions 
spring. \ 

In the above instance, it is necessary to avoid the suggestions of ordinary 
language, which is not suitable for expressing the distinction required. The 
point may be illustrated further as follows: If induction is to be used for defining 
finite integers, induction must state a definite property of finite integers, not an 
ambiguous property. But if @ is a real variable, the statement ‘‘n has the 
property provided this property is possessed by 0 and by the successors of 
possessors”’ assigns to x a property which varies as $ varies, and such a property 
can not be used to define the class of finite integers. We wish to say: ‘‘‘n isa 
finite integer’ means: ‘Whatever property @ may be, n has the property @ pro- 


* This is indistinguishable from ‘all properties.” 


Russet: Mathematical Logie as based on the Theory of Types. 231 


vided @ is possessed by 0 and by the successors of possessors.’”’? But here @ has 
become an apparent variable. To keep it a real variable, we should have to say: 
‘Whatever property @ may be, ‘n isa finite integer’ means: ‘n has the property 
@ provided @ is possessed by 0 and by the successors of possessors.’’’ But here 
the meaning of ‘n is a finite integer’ varies as @ varies, and thus such a definition 
is impossible, This case illustrates an important point, namely the following : 
“The scope* of a real variable can never be less than the whole propositional 
function in the assertion of which the said variable occurs.” That is, if our 
propositional function is (say) ‘‘ px implies p,” the assertion of this function will 
mean “‘ any value of ‘gx implies p’ is true,” not “ ‘any value of pz is true’ im- 
plies p.”” In the latter, we have really ‘all values of gx are true,” and the z is 


an apparent variable. 
Ill. 


The Meaning and Range of Generalized Propositions. 


In this section we have to consider first the meaning of propositions in 
which the word a// occurs, and then the kind of collections which admit of 
propositions about all their members. 

It is convenient to give the name generalized propositions not only to such as 
contain a//, but also to such as contain some (undefined). The proposition “ ox 
is sometimes true”’ is equivalent to the denial of “not-@a is always true;”’ 
“some A is B”’ is equivalent to the denial of ‘‘all A is not B;’ 7. e., of “no A 
is B.’ Whether it is possible to find interpretations which distinguish ‘‘@a is 
sometimes true” from the denial of ‘ not-@x is always true,” it is unneces- 
sary to inquire; for our purposes we may define ‘x is sometimes true”’ as the 
denial of ‘‘not-@x is always true.’ In any case, the two kinds of propositions 
require the same kind of interpretation, and are subject to the same limitations. 
In each there is an apparent variable; and it is the presence of an apparent 
variable which constitutes what I mean by a generalized proposition. (Note 
that there can not be a real variable in any proposition; for what contains a real 
variable is a propositional function, not a proposition.) 

The first question we have to ask in this section is: How are we to interpret 
the word all in such propositions as ‘fall men are mortal?” At first sight, it 
might be thought that there could be nodifficulty, that ‘all men”? is a perfectly 


* The scope of a real variable is the whole function of which ‘‘any value”’ is in question. Thus in “de 


implies p”’ the scope of x is not gz, but ‘gz implies p.” 


_ 
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clear idea, and that we say of all men that they are mortal. But to this view 
there are many objections. 

(1) If this view were right, it would seem that ‘‘all men are mortal” could 
not be true if there were no men. Yet, as Mr. Bradley has urged,* ‘‘ Trespassers 
will be prosecuted ”’ may be perfectly true even if no one trespasses ; and hence, 
as he further argues, we are driven to interpret such propositions as hypotheticals, 
meaning “‘if anyone trespasses, he will be prosecuted ;”’ 2. ¢., ‘if «x trespasses, 
x will be prosecuted,” where the range of values which 2 may have, whatever it 
is, is certainly not confined to those who really trespass. Similarly ‘all men 
are mortal” will mean ‘“‘if x is a man, a is mortal, where x may have any value 
within a certain range.” What this range is, remains to be determined ; but in 
any case it is wider than ‘‘ men,” for the above hypothetical is certainly often 
true when 2 is not a man. 

(2) ‘All men” is a denoting phrase; and it would appear, for reasons which 
I have set forth elsewhere,} that denoting phrases never have any meaning in 
isolation, but only enter as constituents into the verbal expression of proposi- 
tions which contain no constituent corresponding to the denoting phrases in 
question. That is to say, a denoting phrase is defined by means of the propo- 
sitions in whose verbal expression it occurs. Hence it is impossible that these 
propositions should acquire their meaning through the denoting phrases; we 
must find an independent interpretation of the propositions containing such 
phrases, and must not use these phrases in explaining what such propositions 
mean. Hence we can not regard ‘‘all men are mortal”’ as a statement about 
‘all men.” 

(3) Even if there were such an object as “‘all men,” it is plain that it is 
not this object to which we attribute mortality when we say ‘all men are 
mortal.” If we were atiributing mortality to this object, we should have to say 
“‘all men is mortal.’? Thus the supposition that there is such an object as “all 
men ”’ will not help us to interpret ‘all men are mortal.” 

(4) It seems obvious that, if we meet something which may be a man or may 
be an angel in disguise, it comes within the scope of “all men are mortal” to 
assert “if this is a man, it is mortal.” Thus again, as in the case of the tres- 
passers, it seems plain that we are really saying “if anything is a man, it is 
mortal,” and that the question whether this or that is a man does not fall within 
the scope of our assertion, as it would do if the all really referred to ‘‘all men.” 


* Logic, Part I, Chapter II. ¢ ‘‘On Denoting,” Mind, October, 1905. 


Russet: Mathematical Logic as based on the Theory of Types. 233 


(5) We thus arrive at the view that what is meant by “all men are mortal”’ 
may be more explicitly stated in some such form as “it is always true that if x 
is a man, 2 is mortal.’’ Here we have to inquire as to the scope of the word 
always. 

(6) It is obvious that always includes some cases in which a is not a man, 
as we saw in the case of the disguised angel. If a were limited to the case 
when « is a man, we could infer that x is a mortal, since if « isa man, xis a 
mortal. Hence, with the same meaning of always, we should find “it is always 
true that z is mortal.”” But it is plain that, without altering the meaning of 
always, this new proposition is false, though the other was true. 

(7) One might hope that “always”? would mean “for all values of x.” 
But “all values of x,” if legitimate, would include as parts “‘all propositions”’ 
and ‘‘all functions,’ and such illegitimate totalities. Hence the values of x 
must be somehow restricted within some legitimate totality. This seems to lead 
us to the traditional doctrine of a ‘‘ universe of discourse”? within which x must 


be supposed to lie. 
(8) Yet it is quite essential that we should have some meaning of always 


which does not have to be expressed in a restrictive hypothesis as to a For 
suppose ‘‘always’”’ means “‘ whenever z belongs to the class7.”’ Then “all men 
are mortal”? becomes ‘‘ whenever x belongs to the class 7, if x is a man, x is 
mortal ;” 7. ¢., ‘‘it is always true that if x belongs to the class ¢, then, if x is a 
man, x is mortal.” But what is our new always to mean? There seems no more 
reason for restricting x, in this new proposition, to the class 7, than there was 
before for restricting it to the class man. Thus we shall be led on to a new wider 
universe, and so on ad infinitum, unless we can discover some natural restriction 
upon the possible values of (7. ¢., some restriction given with) the function “‘if x 
is a man, x is mortal,’”’ and not needing to be imposed from without. 

(9) It seems obvious that, since all men are mortal, there can not be any 
false proposition which is a value of the function “if x is a man, & is mortal.” 
For if this is a proposition at all, the hypothesis “‘a is a man” must be a propo- 
sition, and so must the conclusion ‘x is mortal.’ But if the hypothesis is false, 


+ the hypothetical is true; and if the hypothesis is true, the hypothetical is true. 
Hence there can be no false propositions of the form “if x is a man, =z is 
mortal.” 


(10) It follows that, if any values of x are to be excluded, they can only be 
values for which there is no proposition of the form “if a is a man, « is mortal;” 


31 
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i.e., for which this phrase is meaningless. Since, as we saw in (7), there must be 
excluded values of x, it follows that the function “if « is a man, x is mortal” 
must have a certain range of significance,* which falls short of all imaginable 
values of x, though it exceeds the values which are men. The restriction on « 
is therefore a restriction to the range of significance of the function “if x is a 
man, x is mortal.” 

(11) We thus reach the conclusion that “all men are mortal’’ means “‘if x 
is a man, x is mortal, always,” where always means “for all values of the 
function ‘if 2 isa man, x is mortal.’”? This is an internal limitation upon zg, 
given by the nature of the function; and it isa limitation which does not require 
explicit statement, since it is impossible for a function to be true more generally 
than for all its values. Moreover, if the range of significance of the function 
is 7, the function ‘‘if x is an 7, then if xis a man, x is mortal’”’ has the same 
range of significance, since it can not be significant unless its constituent ‘if x 
is a man, x is mortal” is significant. But here the range of significance is again 
implicit, as it was in ‘if x is a man, x is mortal;’ thus we can not make ranges 
of significance explicit, since the attempt to do so only gives rise to a new 
proposition in which the same range of significance is implicit. 

Thus generally: “‘(x). gx” is to mean “zx always.” This may be inter- 
preted, though with less exactitude, as ‘‘@x is always true,” or, more explicitly : 
“All propositions of the form gx are true,” or ‘‘All values of the function ox 
are true.”’}+ Thus the fundamental all is ‘all values of a propositional] function,” 
and every other all is derivative from this. And every propositional function 
has a certain range of significance, within which lie the arguments for which the 
function has values. Within this range of arguments, the function is true or 
false ; outside this range, it is nonsense. 

The above argumentation may be summed up as follows: 

The difficulty which besets attempts to restrict the variable is, that 
restrictions naturally express themselves as hypotheses that the variable is of 
such or such a kind, and that, when so expressed, the resulting hypothetical is 
free from the intended restriction. For example, let us attempt to restrict the 


*A function is said to be significant for the argument z if it has a value for this argument. Thus we may 
say shortly “gz is significant,’’ meaning “the function @ has a value for the argument z.’’ The range of 
significance of a function consists of all the arguments for which the function is true, together with all the 


arguments for which it is false. 
tA linguistically convenient expression for this idea is: ‘‘¢x is true for all possible values of z,’’ a possible 
value being understood to be one for which ¢z is significant. 
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variable to men, and assert that, subject to this restriction, ‘‘x is mortal” is 
always true. Then what is always true is that if x is a man, x is mortal; and 
this hypothetical is true even when x is nota man. Thus a variable can never 
be restricted within a certain range if the propositional function in which the 
variable occurs remains significant when the variable is outside that range. But 
if the function ceases to be significant when the variable goes outside a certain 
range, then the variable is ipso facto confined to that range, without the need of | 
any explicit statement to that effect. This principle is to be borne in mind in 
the development of logical types, to which we shall shortly proceed. 

We can now begin to see how it comes that “all so-and-so’s”’ is sometimes 
a legitimate phrase and sometimes not. Suppose we say ‘‘all terms which have 
the property @ have the property y.”’ That means, according to the above 
interpretation, “ox always implies ya.” Provided the range of significance of 
gx is the same as that of ya, this statement is significant; thus, given any 
definite function @x, there are propositions about ‘‘all the terms satisfying za.” 
But it sometimes happens (as we shall see more fully later on) that what appears 
verbally as one function is really many analogous functions with different ranges 
of significance. This applies, for example, to ‘‘p is true,” which, we shall find, 
is not really one function of p, but is different functions according to the kind 
of proposition that p is. In such a case, the phrase expressing the ambiguous 
function may, owing to the ambiguity, be significant throughout a set of values 
of the argument exceeding the range of significance of any one function. In 
such a case, al/ is not legitimate. Thus if we try to say “all true propositions 
have the property 9,” 7. e., ‘‘p is true’ always implies @p,” the possible argu- 
ments to ‘p is true’ necessarily exceed the possible arguments to @, and there- 
fore the attempted general statement is impossible. For this reason, genuine 
general statements about all true propositions can not be made. It may happen, 
however, that the supposed function @ is really ambiguous like ‘p is true;’ and 
if it happens to have an ambiguity precisely of the same kind as that of ‘p is 
true,’ we may be able always to give an interpretation to the proposition “‘‘p is 
true’ implies p.”’ This will occur, e. g., if pp is “not-p is false.’ Thus we 
4 get an appearance, in such cases, of a general proposition concerning all propo- 
sitions; but this appearance is due to a systematic ambiguity about such words 
as true and false. (This systematic ambiguity results from the hierarchy of 
propositions which will be explained later on). We may, in all such cases, make 
our statement about any proposition, since the meaning of the ambiguous words 
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will adapt itself to any proposition. But if we turn our proposition into an 
apparent variable, and say something about all, we must suppose the ambiguous 
words fixed to this or that possible meaning, though it may be quite irrelevant 
which of their possible meanings they are to have. This is how it happens both 
that a// has limitations which exclude ‘‘all propositions,’ and that there never- 
theless seem to be true statements about “all propositions.” Both these points 
will become plainer when the theory of types has been explained. 

It has often been suggested * that what is required in order that it may be 
legitimate to speak of all of a collection is that the collection should be finite. 
Thus ‘‘all men are mortal”’ will be legitimate because men form a finite class. 
But that is not really the reason why we can speak of ‘all men.” What is 
essential, as appears from the above discussion, is not finitude, but what may be 
called logical homogeneity. This property is to belong to any collection whose 
terms are all contained within the range of significance of some one function. 
It would always be obvious at a glance whether a collection possessed this 
property or not, if it were not for the concealed ambiguity in common logical 
terms such as true and false, which gives an appearance of being a single function 
to what is really a conglomeration of many functions with different ranges of 
significance. 

The conclusions of this section are as follows: Every proposition containing 
all asserts that some propositional function is always true; and this means that 
all values of the said function are true, not that the function is true for all argu- 
ments, since there are arguments for which any given function is meaningless, 
i. ¢. has no value. Hence we can speak of all of a collection when and only 
when the collection forms part or the whole of the range of significance of 
some propositional function, the range of significance being defined as the 
collection of those arguments for which the function in question is significant, 
i. e., has a value. 


IV. 
The Hierarchy of Types. 
A type is defined as the range of significance of a propositional function, 
z. é. a8 the collection of arguments for which the said function has values. 


Whenever an apparent variable occurs in a proposition, the range of values of the 
apparent variable is a type, the type being fixed by the function of which “all 


*#. g., by M. Poincaré, Revue de Métaphysique et de Morale, Mai, 1906. 
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values”’ are concerned. The division of objects into types is necessitated by the 
reflexive fallacies which otherwise arise. These fallacies, as we saw, are to 
be avoided by what may be called the ‘‘vicious-circle principle;” 7. e., ‘no 
totality can contain members defined in terms of itself.” This principle, in our 
technical language, becomes: ‘‘ Whatever contains an apparent variable must 
not be a possible value of that variable.” Thus whatever contains an apparent 
variable must be of a different type from the possible values of that variable; 
we will say that it is of a higher type. Thus the apparent variables contained 
in an expression are what determines its type. This is the guiding principle in 
what follows. 

Propositions which contain apparent variables are generated from such as 
do not contain these apparent variables by processes of which one is always the 
process of generalization, 1. e., the substitution of a variable for one of the terms 
of a proposition, and the assertion of the resulting function for all possible 
values of the variable. Hence a proposition is called a generalized proposition 
when it contains an apparent variable. A proposition containing no apparent 
variable we will call an elementary proposition. It is plain that a proposition 
containing an apparent variable presupposes others from which it can be 
obtained by generalization; hence all generalized propositions presuppose 
elementary propositions. In an elementary proposition we can distinguish one 
or more terms from one or more concepts ; the terms are whatever can be regarded 
as the subject of the proposition, while the concepts are the predicates or relations 
asserted of these terms.* The terms of elementary propositions we will call 
individuals ; these form the first or lowest type. 

It is unnecessary, in practice, to know what objects belong to the lowest 
type, or even whether the lowest type of variable occurring in a given context 
is that of individuals or some other. For in practice only the relative types of 
variables are relevant; thus the lowest type occurring in a given context may 
be called that of individuals, so far as that context is concerned. It follows that 
the above account of individuals is not essential to the truth of what follows; 
all that is essential is the way in which other types are generated from indi- 
viduals, however the type of individuals may be constituted. 

By applying the process of generalization to individuals occurring in 
elementary propositions, we obtain new propositions. The legitimacy of this 


*See Principles of Mathematics, § 48. 
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process requires only that no individuals should be propositions. That this is 
so, is to be secured by the meaning we give to the word individual. We may 
define an individual as something destitute of complexity ; it is then obviously 
not a proposition, since propositions are essentially complex. Hence in applying 
the process of generalization to individuals we run no risk of incurring reflexive 
fallacies. 

Elementary propositions together with such as contain only individuals as 
apparent variables we will call jirst-order propositions. These form the second 
logical type. 

We have thus a new totality, that of first-order propositions. We can thus 
form new propositions in which first-order propositions occur as apparent 
variables. These we will call second-order propositions; these form the third 
logical type. Thus, e.g., if HEpimenides asserts ‘all first-order propositions 
affirmed by me are false,”’ he asserts a second-order proposition; he may assert 
this truly, without asserting truly any first-order proposition, and thus no con- 
tradiction arises. 

The above process can be continued indefinitely. The nm + 1th logical type 
will consist of propositions of order n, which will be such as contain propositions 
of order n—1, but of no higher order, as apparent variables. The types so 
obtained are mutually exclusive, and thus no reflexive fallacies are possible so 
long as we remember that an apparent variable must always be confined within 
some one type. I 

In practice, a hierarchy of functions is more convenient than one of propo- 
sitions. Functions of various orders may be obtained from propositions of 
various orders by the method of substitution. If p is a proposition, and a a con- 
stituent of p, let ‘‘p/a‘x”’ denote the proposition which results from substi- 
tuting « for a wherever a occurs in p. Then p/a, which we will call a matriz, 
may take the place of a function; its value for the argument « is p/a‘a, and its 
value for the argument a is p. Similarly, if ‘‘p/(a, 6)‘ (x, y)”’ denotes the result 
of first substituting x for a and then substituting y for b, we may use the double 
matrix p/(a,b) to represent a double function. In this way we can avoid 
apparent variables other than individuals and propositions of various orders. 
The order of a matrix will be defined as being the order of the proposition in 
which the substitution is effected, which proposition we will call the prototype. 
The order of a matrix does not determine its type: in the first place because it 
does not determine the number of arguments for which others are to be substi- 


| 
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tuted (7. ¢. whether the matrix is of the form p/a or p/(a,b) or p/(a, b,c) 
etc.); in the second place because, if the prototype is of more than the first 
order, the arguments may be either propositions or individuals. But it is plain 
that the type of a matrix is definable always by means of the hierarchy of 
propositions. 

Although it is possible to replace functions by matrices, and although this 
procedure introduces a certain simplicity into the explanation of types, it is 
technically inconvenient. Technically, it is convenient to replace the prototype 
p by $a, and to replace p/a‘x by oa; thus where, if matrices were beiug em- 
ployed, p and a would appear as apparent variables, we now have @ as our 
apparent variable. In order that @ may be legitimate as an apparent variable, 
it is necessary that its values should be confined to propositions of some one type. 
Hence we proceed as follows. 

A function whose argument is an individual and whose value is always a 
first-order proposition will be called a first-order function. A function involving 
a first-order function or proposition as apparent variable will be called a second- 
order function, and soon. A function of one variable which is of the order | 
next above that of its argument will be called a predicative function; the same | 
name will be given to a function of several variables if there is one among these 
variables in respect of which the function becomes predicative when values are 
assigned to all the other variables. Then the type of a function is determined 
by the type of its values and the number and type of its arguments. 

The hierarchy of functions may be further explained as follows. A first- 
order function of an individual x will be denoted by @!a (the letters y, y, 6, 
J, 9, #, G will also be used for functions). No first-order function contains a 
function as apparent variable ; hence such functions form a well-defined totality, 
and the @ in @!a can be turned into an apparent variable. Any proposition in 
which @ appears as apparent variable, and there is no apparent variable of higher 
type than ¢, is a second-order proposition. If such a proposition contains an 
individual a, it is not a predicative function of «; but if it con‘ains a first-order 
function ¢, it is a predicative function of @, and will be written f!(P!z). Then 
f is a second-order predicative function; the possible values of / again form a 
well-defined totality, and we can turn / into an apparent variable. We can 
thus define third-order predicative functions, which will be such as have third- 
order propositions for their values and second-order predicative functions for 
their arguments. And in this way we can proceed indefinitely. A precisely 
similar development applies to functions of several variables. 


‘ 
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We will adopt the following conventions. Variables of the lowest type 
occurring in any context will be denoted by small Latin letters (excluding f 
and g, which are reserved for functions); a predicative function of an argument 
x (where x may be of any type) will be denoted by @!a (where y, 0, fA, g, F 
or G may replace ); similarly a predicative function of two arguments x and y 
will be denoted by @! (x, y); a general function of x will be denoted by oz, and 
a general function of x and y by (a, y). In x, $ can not be made into an 
apparent variable, since its type is indeterminate; but in @!a, where @ is a 
predicative function whose argument is of some given type, @ can be made into 
an apparent variable. 

It is important to observe that since there are various types of propositions 
and functions, and since generalization can only be applied within some one type, 
all phrases containing the words ‘‘all propositions” or ‘‘all functions” are 
prima facie meaningless, though in certain cases they are capable of an unob- 
jectionable interpretation. The contradictions arise from the use of such phrases 
in cases where no innocent meaning can be found. 

\ If we now revert to the contradictions, we see at once that some of them 
are solved by the theory of types. Wherever ‘‘all propositions” are mentioned, 
we must substitute ‘‘all propositions of order n,” where it is indifferent what 
value we give to n, but it is essential that m should have some value. Thus when 
a man says “‘I am lying,” we must interpret him as meaning: “There is a 
proposition of order , which I affirm, and which is false.’’ This is a proposition 
of order n+ 1; hence the man is not affirming any proposition of order n; 
hence his statement is false, and yet its falsehood does not imply, as that of 
“T am lying” appeared to do, that he is making a true statement. This solves 
the liar. 

Consider next ‘‘the least integer not nameable in fewer than nineteen 
syllables.’ It is to be observed, in the first place, that nameable must mean 
‘‘nameable by means of such-and-such assigned names,” and that the number of 
assigned names must be finite. For if it is not finite, there is no reason why 
there should be any integer not nameable in fewer than nineteen syllables, and 
the paradox collapses. We may next suppose that ‘ nameable in terms of names 
of the class V”’ means “being the only term satisfying some function composed 
wholly of names of the class V.”” The solution of this paradox lies, I think, in 
the simple observation that “‘nameable in terms of names of the class N”’ is 
never itself nameable in terms of names of that class. If we enlarge N by 
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adding the name “ nameable in terms of names of the class NW,” our fundamental 
apparatus of names is enlarged; calling the new apparatus WN’, “nameable in 
terms of names of the class N’”’ remains not nameable in terms of names of the 
class V’. If we try to enlarge WN till it embraces all names, “‘nameable”’ be- 
comes (by what was said above) “being the only term satisfying some function 
) composed wholly of names.” But here there is a function as apparent variable ; 

hence we are confined to predicative functions of some one type (for non-predi- 
cative functions can not be apparent variables). Hence we have only to observe 
that nae in terms of such functions is non-predicative in order to escape 
the paradox. 

The case of “ the least indefinable ordinal” is closely analogous to the case 
we have just discussed. Here, as before, ‘‘ definable” must be relative to some 
given apparatus of fundamental ideas; and there is reason to suppose that 
‘definable in terms of ideas of the class V”’ is not definable in terms of ideas 
of the class NV. It will be true that there is some definite segment of the series 
of ordinals consisting wholly of definable ordinals, and having the least inde- 
finable ordinal as its limit. This least indefinable ordinal will be definable by a 
slight enlargement of our fundamental apparatus; but there will then be a new 
ordinal which will be the least that is indefinable with the new apparatus. If 
we enlarge our apparatus so as to include all possible ideas, there is no longer 
any reason to believe that there is any indefinable ordinal. The apparent force 
of the paradox lies largely, I think, in the supposition that if all the ordinals 
of a certain class are detinable, the class must be definable, in which case its 
successor is of course also definable; but there is no reason for accepting this 


supposition. 
The other contradictions, that of Burali-Forti in particular, require some 


further developments for their solution. 
The Axiom of Reducibility. 
A propositional function of « may, as we have seen, be of any order; hence 
any statement about ‘‘all properties of x”’ is meaningless. (A ‘‘ property of x”’ 
) is the same thing as a “ propositional function which holds of «.’’) But it is 
absolutely necessary, if mathematics is to be possible, that we should have some 


method of making statements which will usually be equivalent to what we have 
in mind when we (inaccurately) speak of ‘‘all properties of x.’ This necessity 
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appears in many cases, but especially in connection with mathematical induction. 
We can say, by the use of any instead of all, ‘‘Any property possessed by 0, 
and by the successors of all numbers possessing it, is possessed by all finite 
numbers.’ But we can not go on to: ‘A finite number is one which possesses 
all properties possessed by 0 and by the successors of all numbers possessing 
them.” If we confine this statement to all first-order properties of numbers, we 
can not infer that it holds of second-order properties. For example, we shall 
be unable to prove that if m,n are finite numbers, then m + vn is a finite number. 
For, with the above definition, “‘ m is a finite number ”’ is a second-order property 
of m; hence the fact that m-+0 is a finite number, and that, if m+n isa 
finite number, so is m+ n+ 1, does not allow us to conclude by induction that 
m+n is a finite number. It is obvious that such a state of things renders much 
of elementary mathematics impossible. 

The other definition of finitude, by the non-similarity of whole and part, 
fares no better. For this definition is: ‘‘A class is said to be finite when every 
one-one relation whose domain is the class and whose converse domain is 
contained in the class has the whole class for its converse domain.’ Here a 
variable relation appears, 7. e., a variable function of two variables; we 
have to take all values of this function, which requires that it should be of some 
assigned order; but any assigned order will not enable us to deduce many of 
the propositions of elementary mathematics. 

Hence we must find, if possible, some method of reducing the order of a 
propositional function without affecting the truth or falsehood of its values. 
This seems to be what common-sense effects by the admission of classes. Given 
any propositional function px, of whatever order, this is assumed to be equivalent, 


belongs to the class Now 


for all values of x, to a statement of the form 
this statement is of the first order, since it makes no allusion to ‘all functions 
of such-and-such a type.”’ Indeed its only practical advantage over the original 
statement ox is that it is of the first order. There is no advantage in assuming 
that there really are such things as classes, and the contradiction about the 
classes which are not members of themselves shows that, if there are classes, 
they must be something radically different from individuals. I believe the chief 
purpose which classes serve, and the chief reason which makes them linguistically 
convenient, is that they provide a method of reducing the order of a propositional 
function. \I shall, therefore, not Assume’ anything of what may geem to be 
involved in the common-sense admission of classes, except this: That every 
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propositional function is equivalent, for all its values, to some predicative 
function. | 

This assumption with regard to functions is to be made whatever may be 
the type of their arguments. Let @x be a function, of any order, of an argu- 
ment x, which may itself be either an individual or a function of any order. 
If @ is of the order next above x, we write the function in the form @!a; in 
such a case we will call @ a predicative function. Thus a predicative function of 
an individual is a first-order function; and for higher types of arguments, 
predicative functions take the place that first-order functions take in respect of 
individuals. We assume, then, that every function is equivalent, for all its 
values, to some predicative function of the same argument. This assumption 
seems to be the essence of the usual assumption of classes; at any rate, it 
retains as much of classes as we have any use for, and little enough to avoid the 
contradictions which a less grudging admission of classes is apt to entail. We 
will call this assumption the axiom of classes, or the axiom of reducibility. 

We shall assume similarly that every function of two variables is equivalent, 
for all its values, to a predicative function of those variables, where a predicative 
function of two variables is one such that there is one of the variables in respect 
of which the function becomes predicative (in our previous sense) when a value 
is assigned to the other variable. This assumption is what seems to be meant 
by saying that any statement about two variables defines a relation between 
them. We will call this assumption the axiom of relations or the axiom of 
reducibility. 

In dealing with relations between more than two terms, similar assumptions 
would be needed for three, four, ... variables. But these assumptions are not 
indispensable for our purpose, and are therefore not made in this paper. 

By the help of the axiom of reducibility, statements about “all first-order 
functions of x” or “all predicative functions of «’’ yield most of the results 
which otherwise would require ‘all functions.”” The essential point is that such 
results are obtained in all cases where only the truth or falsehood of values of 
the functions concerned are relevant, as is invariably the case in mathematics. 
Thus mathematical induction, for example, need now only be stated for all 
predicative functions of numbers; it then follows from the axiom of classes 
that it holds of any function of whatever order. It might be thought that the 
paradoxes for the sake of which we invented the hierarchy of types would now 
reappear. But this is not the case, because, in such paradoxes, either something 
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beyond the truth or falsehood of values of functions is relevant, or expressions 
occur which are unmeaning even after the introduction of the axiom of reduci- 
bility. For example, such a statement as “‘Hpimenides asserts Ya’ is not 
equivalent to “‘ Epimenides asserts @!a,’’ even though and @!a are equiv- 
alent. Thus “I am lying”? remains unmeaning if we attempt to include all 
propositions among those which I may be falsely affirming, and is unaffected by 
the axiom of classes if we confine it to propositions of order n. The hierarchy 
of propositions and functions, therefore, remains relevant in just those cases in 
which there is a paradox to be avoided. 


VI. 
Primitive Ideas and Propositions of Symbolic Logic. 


The primitive ideas required in symbolic logic appear to be the following 
seven: 

(1) Any propositional function of a variable x or of several variables 
x,y, This will be denoted by or $(a, y, 2, .) 

(2) The negation of a proposition. If p is the proposition, its negation 
will be denoted by ~ p. 

(3) The disjunction or logical sum of two propositions; 7. e., ‘‘ this or that.” 
If p, g are the two propositions, their disjunction will be denoted by pyg.* 

(4) The truth of any value of a propositional function; 2. ¢., of px where x 
is not specified. 

(5) The truth of all values of a propositional function. This is denoted by 
(x). px or (x):ga or whatever larger number of dots may be necessary to 
bracket off the proposition.t| In (x).ox, a is called an apparent variable, 
whereas when a is asserted, where = is not specified, 2 is called a real variable. 

(6) Any predicative function of an argument of any type; this will be 
represented by @!a or @!a or o! &, according to circumstances. A predica- 
tive function of x is one whose values are propositions of the type next above 
that of x, if x is an individual or a proposition, or that of values of a if x is a 


*In a previous article in this journal, I took implication as indefinable, instead of disjunction. The 
choice between the two is a matter of taste; I now choose disjunction, because it enables us to diminish the 


number of primitive propositions. 
+ The use of dots follows Peano’s usage. It is fully explained by Mr. Whitehead, ‘‘On Cardinal Num- 
bers,’”? AMERICAN JOURNAL OF MATHEMATICS, Vol. XXIV, and ‘‘On Mathematical Concepts of the Material 


World,” Phil. Trans. A., Vol. CCV, p. 472. 


RusseLL: Mathematical Logic as based on the Theory of Types. 245 


function. It may be described as one in which the apparent variables, if any, 
are all of the same type as x or of lower type; and a variable is of lower type 
than x if it can significantly occur as argument to x, or as argument to an argu- 
ment to 2, etc. 

(7) Assertion; 7. e., the assertion that some proposition is true, or that any 
value of some propositional function is true. This is required to distinguish a 
proposition actually asserted from one merely considered, or from one adduced 
as hypothesis to some other. It will be indicated by the sign ‘‘-”’ prefixed to 
what is asserted, with enough dots to bracket off what is asserted.* 

Before proceeding to the primitive propositions, we need certain definitions. 
In the following definitions, as well as in the primitive propositions, the letters 
p, 7, r are used to denote propositions. 


p)q-=-~pvq Def. 


This definition states that “pq” (which is read “p implies g’’) is to mean 
“‘ is false or g is true.”’ Ido not mean to affirm that ‘‘implies” can not have 
any other meaning, but only that this meaning is the one which it is most con- 
venient to give to “implies” in symbolic logic. In a definition, the sign of 
equality and the letters ‘‘ Df” are to be regarded as one symbol, meaning jointly 
‘is defined to mean.”’ The sign of equality without the letters “Df” has a 
different meaning, to be defined shortly. 


DE 
This defines the logical product of two propositions p and q, 1. ¢., ‘“‘p and q 
are both true.” The above definition states that this is to mean: “It is false 
that either p is false or q is false.” Here again, the definition does not give the 


only meaning which can be given to ‘‘p and gq are both true,” but gives the 
meaning which is most convenient for our purposes. 


UF. 


That is, “‘p=gq,” which is read “‘ p is equivalent to g,” means ‘‘p implies q 
and g implies p;’’ whence, of course, it follows that p and gq are both true or 


both false. 
(Tu) Df 


* This sign, as well as the introduction of the idea which it expresses, are due to Frege. See his Begriffs- 
schrift (Halle, 1879), p. 1, and Grundgesetze der Arithmetik, Vol. I (Jena, 1893), p. 9. 
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This defines ‘‘ there is at least one value of x for which @z is true.’ We 
define it as meaning ‘‘it is false that ox is always false.”’ 

Df. 

This is the definition of identity. It states that 2 and y are to be called 
identical when every predicative function satisfied by a is satisfied by y. It 
follows from the axiom of reducibility that if ~ satisfies yr, where y is any 
function, predicative or non-predicative, then y satisfies Wy. 

The following definitions are less important, and are introduced solely for 
the purpose of abbreviation. 


(x, Y) = :(x):(y). y) Df. 


(Ax, =: (4x): (Ay). y) Df. 


Y) = 2 (a, y)2 O@, y) DE, 

and so on for any number of variables. 

The primitive propositions required are as follows. (In 2, 3, 4, 5, 6, and 10, 
Pp, stand for propositions.) 

(1) A proposition implied by a true premise is true. 

(2) Fipyp.Dd-p. 

(3) 

(4) Fipvg-d-qvp. 

(5) (pv7)- 

(6) 

(7) Fi (x).or.). oy; 
t. é., ‘if all values of @x are true, then py is true, where @y is any value.” * 

(8) If is true, where $y is any value of then (x).@ax is true. This 
can not be expressed in our symbols; for if we write “oy. ). (x). zx,’ that means 
“‘oy implies that all values of @% are true, where y may have any value of the 
appropriate type,’”’ which is not in general the case. What we mean to assert is: 
“‘If, however y is chosen, py is true, then (x). x is true;’”? whereas what is 
expressed by “py. ).(x).pu”’ is: ‘However y is chosen, if @y is true, then 
(x). x is true,” which is quite a different statement, and in general a false one. 


* It is convenient to use the notation gz to denote the function itself, as opposed to this or that value of : 


the function. 
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(9) k:(x).g@x.).a, where a is any definite constant. 

This principle is really as many different principles as there are possible 
values of a. Jf. e., it states that, e. g., whatever holds of all individuals holds 
of Socrates; also that it holds of Plato; and so on. It is the principle that a 
general rule may be applied to particular cases; but in order to give it scope, it 
is necessary to mention the particular cases, since otherwise we need the principle 
itself to assure us that the general rule that general rules may be applied to 
particular cases may be applied (say) to the particular case of Socrates. It is 
thus that this principle differs from (7); our present principle makes a statement 
about Socrates, or about Plato, or some other definite constant, whereas (7) 
made a statement about a variable. 

The above principle is never used in symbolic logic or in pure mathematics, 
since all our propositions are general, and even when (as in ‘one is a number ’’) 
we seem to have a strictly particular case, this turns out not to be so when 
closely examined. In fact, the use of the above principle is the distinguishing 
mark of applied mathematics. Thus, strictly speaking, we might have omitted 
it from our list. 

(10) px; 

“if ‘p or ox’ is always true, then either p is true, or dx is always true.” 
(11) When /($z) is true whatever argument x may be, and F(y) is true 
whatever possible argument y may be, then }/(@x). F(px)} is true whatever 


possible argument x may be. 
This is the axiom of the “ identification of variables.”?’ It is needed when 


two separate propositional functions are each known to be always true, and we 
wish to infer that their logical product is always true. This inference is only 
legitimate if the two functions take arguments of the same type, for otherwise 
their logical product is meaningless. In the above axiom, z and y must be of 
the same type, because both occur as arguments to @. 

(12) If ox. gx) is true for any possible x, then is true for any 
possible a. 

This axiom is required in order to assure us that the range of significance 
of x, in the case supposed, is the same as that of ox. ox) dx. ). Vax; both 
are in fact the same as that of px. We know, in the case supposed, that Jz is true 
whenever gu and ). zx are both significant, but we do 
not know, without an axiom, that Ya is true whenever Wz is significant. Hence 
the need of the axiom. 


€., 
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Axioms (11) and (12) are required, e.g., in proving 
(x). pus (x). ). (x). We. 
By (7) and (11), 
bs. (x). (x). pr oy. py 
whence by (12), 
(x). pui(x). ds Wy, 
whence the result follows by (8) and (10). 

(18) 

This is the axiom of reducibility. It states that, given any function 92, 
there is a predicative function f!z such that f!a is always equivalent to oz. 
Note that, since a proposition beginning with ‘‘(Z/)” is, by definition, the nega- 
tion of one beginning with “‘(/),”’ the above axiom involves the possibility of 
considering ‘all predicative functions of x.’ If ox is any function of x, we can 
not make propositions beginning with ‘‘(@)” or “ (4@),” since we can not con- 
sider ‘all functions,” but only “‘any function” or “all predicative functions.” 


(14) (x,y)? 

This is the axiom of reducibility for double functions. 

In the above propositions, our x and y may be of any type whatever. The 
only way in which the theory of types is relevant is that (11) only allows us to 
identify real variables occurring in different contents when they are shown to be 
of the same type by both occurring as arguments to the same function, and that, 
in (7) and (9), y and a must respectively be of the appropriate type for argu- 
ments to @% Thus, for example, suppose we have a proposition of the form 
(p).f!(p!2, x), which is a second-order function of x. Then by (7), 


x). >. a), 


where is any first-order function. But it will not do to treat (p)./! (@ ! 
as if it were a first-order function of x, and take this function as a possible 
value of Y!Z in the above. It is such confusions of types that give rise to the 
paradox of the liar. 

Again, consider the classes which are not members of themselves. It is 
plain that, since we have identified classes with functions,* no class can be 
significantly said to be or not to be a member of itself; for the members of a 
class are arguments to it, and arguments to a function are always of lower type 


* This identification is subject to a modification to be explained shortly. 
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than the function. And if we ask: ‘But how about the class of all classes? 
Is not that a class, and soa member of itself?”’, the answer is twofold. First, 
if ‘‘ the class of all classes”’ means ‘‘the class of all classes of whatever type,” 
then there is no such notion. Secondly, if ‘‘the class of all classes’? means 
“the class of all classes of type ¢,”’ then this is a class of the next type above ¢, 
and is therefore again not a member of itself. 

Thus although the above primitive propositions apply equally to all types, 
they do not enable us to elicit contradictions. Hence in the course of any 
deduction it is never necessary to consider the absolute type of a variable; it is 
only necessary to see that the different variables occurring in one proposition are 
of the proper relative types. This excludes such functions as that from which 
our fourth contradiction was obtained, namely: ‘‘The relation 2 holds between 
Rand S.” Fora relation between # and S is necessarily of higher type than 
either of them, so that the proposed function is meaningless. 


VII. 
Elementary Theory of Classes and Relations. 


Propositions in which a function @ occurs may depend, for their truth-value, 
upon the particular function @, or they may depend only upon the eatension of 
, t.¢., upon the arguments which satisfy @. A function of the latter sort we 
will call extensional. Thus, e.g., ‘I believe that all men are mortal’? may not 
be equivalent to ‘‘I believe that all featherless bipeds are mortal,” even if men 
are coextensive with featherless bipeds; for I may not know that they are 
coextensive. But ‘‘all men are mortal” must be equivalent to “all featherless 
bipeds are mortal” if men are coextensive with featherless bipeds. Thus “all 
men are mortal” is an extensional function of the function “x is a man,” while 
‘“‘T believe all men are mortal ”’ is a function which is not extensional; we will 
call functions intensional when they are not extensional. The functions of 
functions with which mathematics is specially concerned are all extensional. 
The mark of an extensional function f of a function ! 2 is 


Ad! 2). 


From any function / of a function @!2Z we can derive an associated exten- 


sional function as follows. Put 


Df. 
33 
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The function /{2(Jz)} is in reality a function of z, though not the same 
function as f(z), supposing this latter to be significant. But it is convenient to 
treat //z(Jz)} technically as though it had an argument (Jz), which we call 
class defined by We have 


whence, applying to the fictitious objects 2(@z) and 2(z) the definition of identity 
given above, we find 


bs. pu. =,. .2(pz) = 


This, with its converse (which can also be proved), is the distinctive 
property of classes. Hence we are justified in treating 2($z) as the class defined 
by g. In the same way we put 


A few words are necessary here as to the distinction between !(%, 7) and 
o!(%, x). We will adopt the following convention: When a function (as opposed 
to its values) is represented in a form involving « and 4%, or any other two letters 
of the alphabet, the value of this function for the arguments a and 0 is to be 
found by substituting @ for z and 6 for ¥; 7%. ¢., the argument mentioned first is 
to be substituted for the letter which comes earlier in the alphabet, and the 
argument mentioned second for the later letter. This sufficiently distinguishes 
between (z, 7) and &); g.: 


The value of @! (x, y) for arguments a, b is !(a, 6). 


! (a, 5). 
We put 
xep!2.=.g!a Df., 
whence 


(dz). so! y.=,. vy: 
Also by the reducibility-axiom we have 


(19): o!y.=,- vy, 
whence 


xed (bz). =. da. 


. 
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This holds whatever « may be. Suppose now we want to consider 
2(Vz) {2(p!z)}. We have, by the above, 


whence 


where x is written for any expression of the form $f{2(@! z)}. 
We put 
els = Df. 


Heye c/s has a meaning which depends upon the type of the apparent variable 9. 
Thus, e.g., the proposition ‘‘cls ¢ cls,’’ which is a consequence of the above 
definition, requires that “‘ cls” ig have a different meaning in the two places 
where it occurs. The symbol “cls” can only be used where it is unnecessary to 
know the type; it has an cakes which adjusts itself to circumstances. If 
we introduce as an indefinable the function ‘“Indiv!a,”’ meaning “x is an 
individual,’’ we may put 


Df. 


Then is an unambiguous symbol meaning ‘‘ classes of individuals.” 
We will use small Greek letters (other than «, 9, ¥, y, 6) to represent 
classes of whatever type; 7. ¢., to stand for symbols of the form 2(p!z) or 2(@z). 
The theory of classes proceeds, from this point on, much as in Peano’s 
system; replaces z3(gz). Also I put 


aCe. 
Ala. 


Df. 
V= = 2) Df. 
Df. 


where A, as with Peano, is the null-class. The symbols J, A, JV, like els and «, 
are ambiguous, and only acquire a definite meaning when the type concerned is 
otherwise indicated. 

We treat relations in exactly the same way, putting 


(a,b) Df. 


4 
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(the order being determined by the alphabetical order of x and y and the typo- 
graphical order of a and )); whence 


y){b.=: (Ao): y) (x, (a, 4), 


whence, by the reducibility-axiom, 
br y)tb.=.V(a, 


We use Latin capital letters as abbreviations for such symbols as x(a, y), 
and we find 
fF: ady, 
where 
R= S18 Of. 
We put 
Rel = y)} 


and we find that everything proved for classes has its analogue for dual relations. 
Following Peano, we put 
Df, 


defining the product, or common part, of two classes ; 
aw 
defining the sum of two classes; and 
—a=a{~(aea)} Df, 
defining the negation of a class. Similarly for relations we put 
RAS=<y (chy. Sy) Df. 


Df. 
(«ky)} Df. 


VIII. 
Descriptive Functions. 


The functions hitherto considered have been propositional functions, with 
the exception of a few particular functions such & A S. But the ordinary 
functions of mathematics, such as 2”, sin x, log x, are not propositional. 
Functions of this kind always mean ‘‘the term having such-and-such a relation 
to x.’ For this reason they may be called descriptive functions, because they 


describe a certain term by means of its relation to their argument. Thus “sin 2/2” 


| 
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describes the number 1; yet propositions in which sin 2/2 occurs are not the same 
as they would be if 1 were substituted. This appears, e. g., from the proposition 
“sin 2/2= 1,” which conveys valuable information, whereas ‘‘1=17”’ is 
trivial. Descriptive functions have no meaning by themselves, but only as con- 
stituents of propositions ; and this applies generally to phrases of the form ‘the 
term having such-and-such a property.’ Hence in dealing with such phrases, 
we must define any proposition in which they occur, not the phrases themselves.* 
We are thus led to the following definition, in which ‘‘(1z) (@x)”’ is to be read 
“the term x which satisfies 


This definition states that ‘the term which satisfies @ satisfies ”’ is to 
mean: ‘There is a term 6 such that ax is true when and only when =~ is 3, 
and Wb is true.” Thus all propositions about “the so-and-so’’ will be false if 
there are no so-and-so’s or several so-and-so’s. 

The general definition of a descriptive function is 


= (1) (wkty) Df; 


that is, “ Ry” is to mean “the term which has the relation & to y.” If there 
are several terms or none having the relation F& to y, all propositions about Ly 
will be false. We put 


E! (1x) (px). Df. 


Here ‘EH’! (1%) (x)”’ may be read “‘there is such a term as the x which satisfies 
ox,” or “ the x which satisfies px exists.”” We have 


4! 


The inverted comma in /t‘y may be read of. Thus if £# is the relation of father 
to son, ‘‘ R'y”’ is “the father of y.” If #& is the relation of son to father, all 
propositions about #‘y will be false unless y has one son and no more. 

From the above it appears that descriptive functions are obtained from 
relations. The relations now to be defined are chiefly important on account of 
the descriptive functions to which they give rise. 


Cnv= QP jaQy.=,,-yPx| Df. 


* See the above-mentioned article ‘‘On Denoting,’ where the reasons for this view are given at length. 
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Here Cnv is short for ‘‘converse.”’ It is the relation of a relation to its converse; 
e.g., of greater to less, of parentage to sonship, of preceding to following, etc. 
We have 
-.Cnv'P = (1Q) 
For a shorter notation, often more convenient, we put 
P=OnvP Df. 
We want next a notation for the class of terms which have the relation & to y. 
For this purpose, we put 
Df, 
whence 
> 
= &(aRy). 
Similarly we put 
R= 
whence 
< 
+. 


We want next the domain of R (i. e¢., the class of terms which have the 
relation & to something), the converse domain of & (i. ¢., the class of terms to 
which something has the relation #2), and the field of 2, which is the sum of the 
domain and the converse domain. For this purpose we define the relations of 
the domain, converse domain, and field, to /. The definitions are: 


D=éR .aRy)} Df. 
T= (Az). «xRy)} Df. 


C= ly Df. 


Note that the third of these definitions is only significant when FR is what we 
may call a homogeneous relation; 7. ¢., one in which, if «fy holds, x and y are of 
the same type. For otherwise, however we may choose x and y, either xy or 
yx will be meaningless. This observation is important in connection with 
Burali-Forti’s contradiction. 

We have, in virtue of the above definitions, 


14x). 
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the last of these being significant only when 2 is homogeneous. “ DR” is 
read ‘‘the domain of is read “the converse domain of and 
“C'R” is read “the field of &.”’ The letter C is chosen as the initial of the 
word ‘‘ campus.” 

We want next a notation for the relation, to a class a contained in the 
domain of £2, of the class of terms to which some member of a has the relation 
f, and also for the relation, to a class @ contained in the converse domain of R, 
of the class of terms which have the relation & to some member of @. For the 
second of these we put 


68 De. 


Thus if # is the relation of father to son, and @ is the class of Etonians, 2.“ 
will be the class “fathers of Htonians;” if # is the relation ‘less than,” and 
@ is the class of proper fractions of the form 1—2~-™” for integral values of 
n, RB will be the class of fractions less than some fraction of the form 
1—2-"; i.e, RG will be the class of proper fractions. The other relation 


So that 


mentioned above is (/2).. 
We put, as an alternative notation often more convenient, 


RS 

The relative product of two relations /, S is the relation which holds 
between «x and z whenever there is a term y such that zy and yz both hold. 
The relative product is denoted by #&|S. Thus 

R\S= Df. 
We put also 
Vf. 
The product and sum of a class of classes are often required. They are 


defined as follows: 
Df. 


{aex.),.xea} Df. 


Similarly for relations we put 
Df. 
praaay Df. 
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We need a notation for the class whose only member is x. Peano uses ia, 
hence we shall use cx. Peano showed (what Frege also had emphasized) that 
this class can not be identified with z. With the usual view of classes, the need 
for such a distinction remains a mystery; but with the view set forth above, it 


becomes obvious. 


We put 
DE, 


whence 
(y=), 
and 
).i'a = (1) (xea); 
t.¢., if a~ is a class which has only one member, then ‘‘« is that one member.* 


For the class of classes contained in a given class, we put 
Cla =8(6Ca) Df. 


We can now proceed to the consideration of cardinal and ordinal numbers, 
and of how they are affected by the doctrine of types. 


IX. 


Cardinal Numbers. 


The cardinal number of a class a is defined as the class of all classes similar 
to a, two classes being similar when there is a one-one relation between them. 
The class of one-one relations is denoted by | >|, and defined as follows: 


lo1= 7, De. 
Similarity is denoted by Sim ; its definition is 
Sim = 46 Def. 


Then Sim ‘a is, by definition, the cardinal number of a; this we will denote by 
Ne‘a ; hence we put 

Ne=Sim Df., 

whence 
. Ne‘a = Sim “a. 


*Thus ¢a is what Peano calls 7a. 
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The class of cardinals we will denote by NC; thus 
NC= Ne“cls Df. 
0 is defined as the class whose only member is the null-class, A, so that 
O=rA Of. 


The definition of 1 is 
Df. 


It is easy to prove that 0 and 1 are cardinals according to the definition. 

It is to be observed, however, that 0 and 1 and all the other cardinals, 
according to the above definitions, are ambiguous symbols, like cls, and have as 
many meanings as there are types. To begin with 0: the meaning of 0 depends 
upon that of A, and the meaning of A is different according to the type of 
which it is the null-class. Thus there are as many 0’s as there are types; and 
the same applies to all the other cardinals. Nevertheless, if two classes a, @ 
are of different types, we can speak of them as having the same cardinal, or of 
one as having a greater cardinal than the other, because a one-one relation may 
hold between the members of a and the members of 8, even when a and # are 
of different types. For example, let @ be c“a; 2. e., the class whose members are 
the classes consisting of single members of a. Then ca is of higher type than a, 
but similar to a, being correlated with a by the one-one relation v. 

The hierarchy of types has important results in regard to addition. 
Suppose we have a class of a terms and a class of @ terms, where a and £ are 
cardinals; it may be quite impossible to add them together to get a class of 
a and @ terms, since, if the classes are not of the same type, their logical sum 
is meaningless. Where only a finite number of classes are concerned, we can 
obviate the practical consequences of this, owing to the fact that we can always 
apply operations to a class which raise its type to any required extent without 
altering its cardinal number. For example, given any class a, the class c“a has 
the same cardinal number, but is of the next type above a. Hence, given any 
finite number of classes of different types, we can raise all of them to the type 
which is what we may call the lowest common multiple of all the types in 
question; and it can be shown that this can be done in such a way that the 
resulting classes shall have no common members. We may then form the logical 
sum of all the classes so obtained, and its cardinal number will be the arith- 
metical sum of the cardinal numbers of the original classes. But where we 


34 


258  RussELt: Mathematical Logic as based on the Theory of Types. 


have an infinite series of classes of ascending types, this method can not be 
applied. For this reason, we can not now prove that there must be infinite 
classes. For suppose there were only n individuals altogether in the universe, 
where n is finite. There would then be 2” classes of individuals, and 2” classes 
of classes of individuals, and so on. Thus the cardinal number of terms in each 
type would be finite; and though these numbers would grow beyond any assigned 
finite number, there would be no way of adding them so as to get an infinite 
number. Hence we need an axiom, so it would seem, to the effect that no finite 
class of individuals contains all individuals; but if any one chooses to assume 
that the total number of individuals in the universe is‘(say) 10,367, there seems 
no 4 priori way of refuting his opinion. 

From the above mode of reasoning, it is plain that the doctrine of types 
avoids all difficulties as to the greatest cardinal. There is a greatest cardinal in 
each type, namely the cardinal number of the whole of the type; but this is 
always surpassed by the cardinal number of the next type, since, if a is the 
cardinal number of one type, that of the next type is 2°, which, as Cantor has 
shown, is always greater than a. Since there is no way of adding different 
types, we can not speak of ‘the cardinal number of all objects, of whatever 
type,” and thus there is no absolutely greatest cardinal. 

If it is admitted that no finite class of individuals contains all individuals, 
it follows that there are classes of individuals having any finite number. Hence 
all finite cardinals exist as individual-cardinals; 7.e., as the cardinal numbers of 
classes of individuals. It follows that there is a class of No cardinals, namely, 
the class of finite cardinals. Hence % exists as the cardinal of a class of classes 
of classes of individuals. By forming all classes of finite cardinals, we find 
that 2% exists as the cardinal of a class of classes of classes of classes of indi- 
dividuals; and so we can proceed indefinitely. The existence of x, for every 
finite value of n can also be proved; but this requires the consideration of 
ordinals. 

If, in addition to assuming that no finite class contains all individuals, we 
assume the multiplicative axiom (?.¢., the axiom that, given a set of mutually 
exclusive classes, none of which are null, there is at least one class consisting of 


one member from each class in the set), then we can prove that there is a class of 
individuals containing N) members, so that No will exist as an individual-cardinal. 
This somewhat reduces the type to which we have to go in order to prove the 
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existence-theorem for any given cardinal, but it does not give us any existence- 
theorem which can not be got otherwise sooner or later. 

Many elementary theorems concerning cardinals require the multiplicative 
axiom.* It is to be observed that this axiom is equivalent to Zermelo’s,}+ and 
therefore to the assumption that every class can be well-ordered.{ These 
equivalent assumptions are, apparently, all incapable of proof, though the mul- 
tiplicative axiom, at least, appears highly self-evident. In the absence of proof, 
it seems best not to assume the multiplicative axiom, but to state it as a 
hypothesis on every occasion on which it is used. 


X. 
Ordinal Numbers. 

An ordinal number is a class of ordinally similar well-ordered series, 1. e., 
of relations generating such series. Ordinal similarity or likeness is defined as 
follows: 

Smor = PQ $78). Sel De, 
where ‘‘Smor’”’ is short for ‘similar ordinally.” 

The class of serial relations, which we will call “Ser,” is defined as 
follows: 

Ser = P =y):aPy.yP2. 

C'P} De. 

That is, reading P as “‘ precedes,” a relation is serial if (1) no term pre- 
cedes itself, (2) a predecessor of a predecessor is a predecessor, (3) if # is any 
term in the field of the relation, then the predecessors of x together with x 
together with the successors of x constitute the whole field of the relation. 


* Of. Part III of apaper by the present author, ‘‘On some Difficulties in the Theory of Transfinite Numbers 


and Order Types,’’ Proc. London Math. Soc. Ser. II, Vol. IV, Part I. 
ft Cf. loc. cit. for 4 statement of Zermelo’s axiom, and for the proof that this axiom implies the multipli- 
cative axiom. The converse implication results as follows: Putting Prod ‘*k for the multiplicative class 


of k, consider 


and assume 
ye Prod ‘Zcl‘a. R (8). E8x}. 


Then # is a Zermelo-correlation. Hence if Prod ‘Z*cl‘a is not null, at least one Zermelo-correlation 


for a exists. 
Zermelo, ‘“‘Beweis, dass jede Menge wohlgeordnet werden kann.” Math. Annalen, Vol. LIX, 


pp. 514-516. 


' 
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Well-ordered serial relations, which we will call Q, are defined as follows: 
Q= P}PcSer:aC P%a)} Df; 


vt. e., P generates a well-ordered series if P is serial, and any class a contained in 
the field of P and not null has a first term. (Note that P“a are the terms 
coming after some term of a). 

If we denote by No ‘P the ordinal number of a well-ordered relation P, 
and by NO the class of ordinal numbers, we shall have 


——p> 
No Df. 
NO= No‘Q. 
From the definition of No we have 


F: PEQ.). No P=Smor ‘P 


If we now examine our definitions with a view to their connection with the 
theory of types, we see, to begin with, that the definitions of “Ser” and Q 
involve the fields of serial relations. Now the field is only significant when the 
relation is homogeneous; hence relations which are not homogeneous do not 
generate series. For example, the relation . might be thought to generate series 
of ordinal number a, such as 


ec ne, 


and we might attempt to prove in this way the existence of w and x. But a 
and «a are of different types, and therefore there is no such series according to 
the definition. 

The ordinal number of a series of individuals is, by the above definition of 
No, a class of relations of individuals. It is therefore of a different type from 
any individual, and can not form part of any series in which individuals occur. 
Again, suppose all the finite ordinals exist as individual-ordinals; ¢. e., as the 
ordinals of series of individuals. Then the finite ordinals themselves form a 
series whose ordinal number is w; thus » exists as an ordinal-ordinal, 7. ¢., as 
the ordinal of a series of ordinals. But the type of an ordinal-ordinal is that of 
classes of relations of classes of relations of individuals. Thus the existence of 
w has been proved in a higher type than that of the finite ordinals. Again, the 
cardinal number of ordinal numbers of well-ordered series that can be made out 
of finite ordinals is %,; hence x, exists in the type of classes of classes of classes 
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of relations of classes of relations of individuals. Also the ordinal numbers of 
well-ordered series composed of finite ordinals can be arranged in order of 
magnitude, and the result is a well-ordered series whose ordinal number is «,. 
Hence a, exists as an ordinal-ordinal-ordinal. This process can be repeated any 
finite number of times, and thus we can establish the existence, in appropriate 
types, of &, and o, for any finite value of n. 

But the above process of generation no longer leads to any totality of all 
ordinals, because, if we take all the ordinals of any given type, there are always 
greater ordinals in higher types; and we can not add together a set of ordinals 
of which the type rises above any finite limit. Thus all the ordinals in any 
type can be arranged by order of magnitude in a well-ordered series, which has 
an ordinal number of higher type than that of the ordinals composing the series. 
In the new type, this new ordinal is not the greatest. In fact, there is no 
greatest ordinal in any type, but in every type all ordinals are less than some 
ordinals of higher type. It is impossible to complete the series of ordinals, 
since it rises to types above every assignable finite limit; thus although every 
segment of the series of ordinals is well-ordered, we can not say that the whole 
series is well-ordered, because the ‘‘ whole series” is a fiction. Hence Burali- 
Forti’s contradiction disappears. 

From the last two sections it appears that, if it is allowed that the number 
of individuals is not finite, the existence of all Cantor’s cardinal and ordinal 
numbers can be proved, short of %, and w,. (It is quite possible that the 
existence of these may also be demonstrable.) The existence of all finite car- 
dinals and ordinals can be proved without assuming the existence of anything. 
For if the cardinal number of terms in any type is n, that of terms in the next 
type is 2”. Thus if there are no individuals, there will be one class (namely, 
the null-class), two classes of classes (namely, that containing no class and that 
containing the null-class), four classes of classes of classes, and generally 2”? 
classes of the nth order. But we can not add together terms of different types, 
and thus we can not in this way prove the existence of any infinite class. 

We can now sum up our whole discussion. After stating some of the para- 
doxes of logic, we found that all of them arise from the fact that an expression 
referring to all of some collection may itself appear to denote one of the col- 
lection; as, for example, ‘all propositions are either true or false”? appears to 
be itself a proposition. We decided that, where this appears to occur, we are 
dealing with a false totality, and that in fact nothing whatever can significantly 


} 
4 
‘ 


262  RussELi: "Mathematical Logic as based on the Theory of Types. 


be said about all of the supposed collection. In order to give effect to this 
decision, we explained a doctrine of types of variables, proceeding upon the 
principle that any expression which refers to al/ of some type must, if it denotes 
anything, denote something of a higher type than that to all of which it refers. 
Where all of some type is referred to, there is an apparent variable belonging to 
that type. Thus any expression containing an apparent variable is of higher type 
than that variable. This is the fundamental principle of the doctrine of types. 
A change in the manner in which the types are constructed, should it prove 
necessary, would leave the solution of contradictions untouched so long as this 
fundamental principle is observed. The method of constructing types explained 
above was shown to enable us to state all the fundamental definitions of mathe- 
matics, and at the same time to avoid all known contradictions. And it 
appeared that in practice the doctrine of types is never relevant except where 
existence-theorems are concerned, or where applications are to be made to some 


particular case. 
The theory of types raises a number of difficult philosophical questions con- 


cerning its interpretation. Such questions are, however, essentially separable 
from the mathematical development of the theory, and, like all philosophical 
questions, introduce elements of uncertainty which do not belong to the theory 
itself. It seemed better, therefore, to state the theory without reference to 
philosophical questions, leaving these to be dealt with independently. 


Invariantive Reduction of Quadratic Forms 
in the GF [(2"].* 


By Leronarp EuGene Dickson. 


1. In the American JournaL or Maruematics, Vol. XXI (1899), I gave a 
complete set of non-equivalent canonical forms of m-ary quadratic forms in the 
Galois field of order p". The cases p= 2 and p >2 are essentially different. 
In the opening pages of the present paper, I give a simpler treatment of the 
important case p= 2, a treatment bringing to the front some of the invariants 
of the form. In §§ 4, 5, I show that the rank r of the discriminantal determinant 
gives the minimum number of variables on which the form can be expressed. 
The definition of 7 in this modular theory differs from that in the algebraic theory 
in the employment of the halves of the minors of odd order. In particular, for 
m odd, the discriminant vanishes identically in the GF[2"], while the semi- 
discriminant S,, is an important invariant. 

The larger part of the paper is devoted to the determination and application 
of a complete set of linearly independent invariants of the ternary + quadratic 
form in the GF[2"] for n=4. All the invariants may 
be expressed in terms of three fundamental independent invariants : 


where / is a function increasing rapidly in complexity as n increases. 
2. We consider the general m-ary quadratic form in the GF [2"]: 


* Presented before the American Mathematical Society (Chicago), Dec. 30, 1906. 
+ For the invariants of binary quadratic forms in the GF’ [p”], for both p>2 and p = 2, see Transactions 


American Math. Soc., Vol. VIII (1907), pp. 205-232, 
For the invariants of m-ary quadratic forms in the GF [2], i. ey with n = 1, see Proceedings London Math. 


Soc., Ser. 2, Vol. V (1907), pp. 301-324. 
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If every c,, = 0, we obtain the canonical form aj, since every mark is a square 
and > b,x} = [> b} x]. In the contrary case, we may set ¢,, +0. Then for 


m 


C2, + cy L; = x;(7 > 2), 


i=3 


Qm (x') reduces* to 
m 
+ [12017] + by + b, 03 + (2) 
i<j i= 


where [1277] denotes the Pfaffian c,.¢ — + and 
Bi = C19 Cy; Co; + + + (3) 
For m= 8, the vanishing of (@; is a sufficient condition that (2) shall reduce 
to a binary form. It is also a necessary condition since, as shown below, (; is 
an invariant of @;. Similarly, for m= 4, the vanishing of the invariant [1234] 
is the necessary and sufficient condition that (2), and hence @,, shall be reducible 
to a ternary form. 
Let next m=5. If every [1277] —=0, (2) is reducible to a ternary form. 
In the contrary case, we may set [1234] +0 and remove the terms 2, a, 2,2; 
(t > 4) by a transformation which adds to x; and a, suitable linear functions of 


gy ++++)%m- Proceeding similarly, we conclude that either Q,, is expressible on 
fewer than m variables or else is reducible to 
i=1 


The simple problem of the ultimate canonical forms of (5) is treated in § 6. 


3. Although we shall derive independently (§4) the condition that @,, shall 
reduce to a form in fewer than m variables, it seems worth while, in view of the 
peculiar character of the condition for m odd, to apply the preceding elementary 


method in the further examples m = 5 and m= 6. 
When m=5, (2) is the sum of a binary form in a, x, and a ternary form 


in %3, 24, 2%. For the latter the ternary invariant (3) is cj, times 

[1234] [1235] [1245] + [1245]? + [1235]? + [1234]. 
On inserting the values (3) of the @,, we find that the coefficients of 5, and 6, 
equal cj, [2345]* and cj, [1345], respectively, in view of the algebraic identity 


*It is to verify that, under the inverse (2) becomes Q(z’). 


— 
s 
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Further, the part independent of the 0’s is seen to equal c;, J, where 


2 
Cyg Cog C35 Cys — Cin C35 Cap y (6) 
(12) (10) 


where the first sum extends over the 12 products in which each subscript occurs 
exactly twice. Dropping the factor cj,, we obtain the invariant 


=) + b, [2345]? + b, [1345]? +....+4+ b,[1234]?, (7) 
whose vanishing is the condition that Q, be reducible to a quaternary form. 
For m = 6, the quaternary invariant for the terms a3,...., 2, of (2) is 


[1284] [1256] — [1235] [1246] + [1236] [1245], 
which is (algebraically) c,. times the Pfaffian [123456]. 


4. The algebraic discriminant of the form (1) is 


2b, Cio Ci3 “eee Cim 
Cio 2b, Cog Com 
Cim Com C3m 2 bin 


In the GF[2"], this determinant is skew symmetric, and hence vanishes for 
m odd, while for m even it equals the square of the Pfaffian [12....m]. 

For m odd, we define the semi-discriminant S,, of the form Q,, in the 
GF([2"] to be the expression derived algebraically by dividing by 2 each of the 
(even) coefficients in the expansion of A. Thus S;, is @; and S; is @, given by 
(3) and (7), respectively; indeed, A is congruent modulo 4 to 2; and 24, 
respectively. 

Note that in Q,, any coefficient may be increased by a multiple of 2; but 
A is thereby increased by a multiple of 4, so that S,, is unaltered modulo 2. 

All m-ary linear homogeneous transformations with coefficients in any given 
field’ can be derived from generators of the two types: 

(8) 
= Ax}, a, = a; (t > 1). (9) 

Under these transformations Y becomes Q’, with the (altered) coefficients : 
= be + bey + Cp = ey + 2tb,, cy = cy, + toy (C= 3, .-.-, m); (8/) 

For (9’), A’ = 2A, since we may remove the factor 4 from the first row and 
column. For (8’), A’ becomes A if we subtract ¢ times the elements of the first 
row from the second, and then subtract ¢ times the elements of the first column 

35 
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from the second. From this formal algebraic result we conclude, in view of the 
remark in the preceding paragraph, that S,, is a relative invariant in the 
GF[2"]. But S,,=1 for (4), A=1 for (5), while S,,=0 and A=0 for forms 
in fewer than m variables. Hence follows the 

THEOREM: According as m is even or odd, the vanishing of the (invariant) 
discriminant or semi-discriminant ts the necessary and sufficient condition that an 
m-ary quadratic form in the GF [2"] shall be linearly transformable into a form 
of fewer than m variables. ; 


5. Suppose that, for m odd, S,, vanishes in the GF'[2”], while not all the 
first minors M, of A vanish. Under a suitable linear transformation, Q,, 
becomes Qj,, lacking the variable z,,. In the discriminant of Q/,, the minor 
Mim alone does not vanish, since the M, are linear functions of it. Hence Q,, 
is expressible on m —1, but not on fewer, variables (§ 4). 

Suppose that, for m even, the discriminant A vanishes in the GF[2"], 
Then all its first minors M, vanish. Indeed, M;, — is the product 
of A and a minor of degree m—2. But M,=M,;=0 (mod 2), and M,; = 
Hence the IJ, may be assumed* to have the factor 2 algebraically, so that the 
semi-minors are unambiguously defined in the GF'[2"]. If the latter do not all 
vanish, Q,, is expressible on m—1, but not on fewer, variables (§ 4). 

Combining our results, we obtain the 

TueorEM: In order that a quadratic form Q,, in the GF [ 2") shall be reducible 
under linear transformation in the field to a quadratic form on r variables, but not 
reducible to one on less than r variables, it is necessary and sufficient that in the dis- 
criminantal determinant of Q,, every u™,...-, ut? shall vanish, but not every 
u”, where u® ranges over the minors or semi-minors of order s, according as s is 
even or odd. 


6. It remains to complete the reduction of F,,, given by (5). We first 
reduce it to the form 
If every 6,= 0, no reduction is necessary. In the contrary case we may set 
6,0. Applying to /,(x'’) in succession the three transformations: 


ay" = ay’, = ; xy! = x; + dha, = + + 


we obtain 2 + x32, + aj + (8, 6, + 7. Hence from F,, we reach (5’). 


*In case n>1, we first eliminate the n'” and higher powers of the root of the irreducible congruence 
(mod 2) defining the GF'[2”). 
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Now* a2) -+27+ is reducible in the GF[2"] if x(3)=0, but is 
irreducible if 7(6)=1, where 
The 2”~! forms (5') with y(d) = 1 are all equivalent,* but not reducible to one 
of the 2"~' forms with 7(d)=0. The latter are evidently reducible to 


The forms (5) constitute two non-equivalent classes characterized by the vanish- 

It may be shown that y(d) is an absolute invariant of the group of all 
linear transformations in the GF'[2"] which preserve the system of forms (5). 


7. We next seek a condition on the coefficients of the quadratic form Q,, 
(m even), of non-vanishing discriminant A in the GF[2"], which shall charac- 
terize priori the class (§6) to which Q,, belongs. If n= 1, we have A= 1 in 
the field. For any n, we shall assume, for the present, that A=1 (a slight 
normalization accomplished, for instance, by multiplying one of the variables by 
the mark A~*). In view of §6, we may state our desiderata as follows: We 
seek a function @ of the coefficients of the form Q,, (m even) of discriminant 
unity, such that @ becomes y (3) when Q,, specializes to (5), and such that ¢ is 
an absolute invariant of Q,, under the group of all m-ary linear homogeneous 
transformations of determinant unity in the GF[2"]. 

For m= 2, the problem is solved, since A= 1 implies ¢, = 1, whence 


For m = 4, we apply to (5) the transformation (of determinant unity), 
= Er t+ Cog Estey ks, hot eg hs tey bs, hs, 

and obtain a form Q,(£) in which 

Cy=1, Cy=1 + + Cy ers, 0,, dz, 

Hence by choice of the 0’s the resulting form may be made identical with any 
form @, in which ¢, = 1, [1234] = 1. The last condition is equivalent to our 


assumption A=1o0n Q,. The restriction, cj, = 1, on the generality of Q, will 
be overcome by symmetry, as demanded by the invariance of g. Expressing 


* AMERICAN JOURNAL, l. ¢., p. 224; Linear Groups, p. 199. 
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6, 5, + 636, in terms of the ¢,;,b,, and applying c,.=1, [1234] =1, we get 
v+ p+ where = by Cog Coy + be C13 Cy + Ce Cy, and 
= & dy be Cig dy Cog Cog Coq C1 Cre Cog (12) 
6) (4) (8) 


Then 7 (6,4, + 634,) becomes since y(p+?)=0 in the field. Now 
o@=x(¥v) has the required properties. It remains only to show that @ is an 
absolute invariant of @, under the group of all quaternary linear transforma- 
tions of determinant unity. In view of the symmetry of (12), we may restrict 
the proof to the generator (8). Here (8') becomes 
by = by + +0 b,, = Cog + Cy = Cy + tey. 
Under this transformation, the increment to » is 
tb; Cy, [1234] + bj cy + tes cy [1234] + ci, 

and hence is of the form o + 0’, since [1234]=1. Hence the increment to 
x(v) is + 0”) =0, so that is an absolute invariant. 


8. We next consider the determination of functions of the coefficients of Q,, 
which are invariant under every m-ary linear homogeneous transformation in 
the GF[2"]. 

As the independent invariants of @, we may take* 

Ce, (cig 1— 1) — 1) 1), ce), 
where y is defined by (10). Forn=1, we take y (b, b, ¢,). 
In the remainder of this paper we shall discuss Qs for low values of n. 


9. Consider the ternary quadratic form in the GF[2"], 
Ay Ly Ay Ly + Ay Lo + 2x7. (13) 
We tabulate, for reference, a set of generators of the ternary linear group, 
and give the (altered) coefficients of the transformed quadratic form: 


aj=atta, 0b, 4+ ta; (14) 
=S : Atty, a3 = 276, ; (15) 
(2; ay) : (a; a;) (0; (16) 
We readily verify * the absolute invariance of 
A=M(a?"1—1), I= (¢=1, 2, 3). (17) 


* Transactions Amer. Math. Soc., Vol. VIII (1907), pp. 514-522. 
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10. Let first n=1, so that we consider the invariants of the ternary 
cubic (13) modulo 2. Let @ be a polynomial in the a’s and b’s with exponents 
Oori1. We may set 

p= pt ga, + ka, b, (p, 9, J, & independent of a,, 


Now @ is invariant under (14), with ¢=1, if and only if 
_ 
+ (b, + a + 99 0 (mod 2). 


The conditions are: 

ak=0, (bh +a)k=0, a,g + 43) 7=0. (18) 
From the first two, 

ke = (az + 1) + + az) + mb, az}, 

where / and m are (linear) functions of 6; only. By subtracting from @ a 
suitable multiple of the invariant J, we may assume that m is independent of 6,. 
Hence no term of has the factor a, b,.6,a;.6;. Applying the permutation 
[23], we see that no term of @ has the factor a,b, a,b,6;. Hence J is inde- 
pendent of b;. Applying the permutation [13] we obtain the terms with the 
factor as be: 


as by (dy + 1) {1(1 + b3+ ay) + mb; 


Hence those multiplying a, 6, a3 (a, + 1) are 1+ mb;. In the initial form of 9, 
the corresponding terms were 7+ mb,. Hence m=0 and 
k= 1(a,+ 1) (1 + 4, + 43), i=0 @ 1. 
In view of the terms multiplying a; 6,, we have 
J = las (a2 + 1) (1+ 43) +a + Bay + yb, + da, by, 
where a, 3, y, 6 are functions of b; only. By (183), (6; + a3)y must have the 
factor a,. Hence 
a =v =1(b; + 1). 

The terms of multiplying &, are 7+ ka,. Hence those multiplying 
are y + da, + la,(a,+1). Since these must be symmetrical in a), a,, we have 
Set 8=6,4+ Then the terms multiplying 6, 6; are: 

(a2 +1) +7+ a, + 
These must be symmetrical in a,, a3. Hence 6,=/, and 


J = (a, + 1) (6, +1) + 1) (bs + 1) + la, (b; + 43) + ay. 
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The terms 7 + ka,, which multiply 6,, may now be written in the form 
Ib, bs + Ub, (a + 1) (a + 1) + (a, + 1) + 1) 
+ (a, + 1) (a, +.1) (ag + 1) + (2 + 

Those multiplying 6, or 6; may be obtained by symmetry. Hence 

1K + (1+ 4, 
where W is a function of a,, a, a3 only, while 

K= by t+ 2b (a+ (4,7=1, 2,38; 747), (19) 

A=TII(a,+ 1) being the invariant (17) for n= 1. We may set 

Then the terms multiplying a,, but not 5; are: | 

q = 1 {b, bs (a3 + 1) + (0; + 45) + 1) + 1) + 
+ By Ady as + + G3) + 


Then (183) gives? + 6, +A+u=0,u=v. The invariant thus involves three 
arbitrary parameters /, A, u. Giving in turn one of these the value 1 and the 
other two the value 0, we obtain the invariants K and 


S3= 4, 4,4, + 3a,b,, + 20,4, + Xa, 
S; occurring in §4. Now §;+1,+1=4A, while K+ A equals 
T= {by + 1) (43+ {bot (+1) (ag+1)} (a+ 1) (20) 


In the GF [2] the four linearly independent invariants of the ternary quadratic 
form (18) may be taken to be A, I, 83, J. 


11. Let next n= 2, so that we consider the invariants of the ternary 
cubic (13) in the GF[2’]. Under transformation (14), let a polynomial , with 
exponents = 8, become @’. We employ the abbreviations: 


in which the division of the algebraic derivatives by 7! and 7! is to be performed 
algebraically and the quotients alone interpreted in the GF'[2’]. Then 
Hl + 7%, 
T, = Ay (1) + az (2) + (2) + af (1? 2) + (2°) + a} a; (1° 2) 
+ aj (1° 2”) + (a, 63 + a, a8) (12°) + a3 (1° 2) + bj (1 2°) 
+ a a; (1° 2°), 
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= b, (2) + a3 (1°) + a, a5 (1 2) + a§ (2”) + ay Bj (1 2) + as (2%) 
+ a by (18 2) + ag by (1 2°) + a (1° (a5 + af) (1? 2°) 
+ a3 a, (1° 2°), 
T3 = A, b, (1 2) + a} (1°) + a3 ag (1? 2) + a, aj (1 2”) + (a3 + 03) (2°) 
+ bj (1? 2?) + a, ag bj (1 2°) + (1° 2°) + (a3 + a3 a8) (1° 2°). 
We may set 
0, 1, 2,3 
o= A,, aj (A,; independent of a,, 6,). 

When this expression is inserted, ¢,, t,, 7; must vanish* identically in a,, dy. 
From the coefficients of b3 aj, bj a}, b, a}, 63, b3a,, 6, a, in t,, we get: 

dy = Azz = =0, = a3 = = 0. (21) 
Hence must A; = az, A\;= Bx, where 

= (a3 — 1) (ab — 1) — 1), 
while a and @ are functions of 4; only. Hence the factor of a? a3 63 in @ is 
a(a;— 1) 1). 
This must be symmetrical in 6, and 6;. Hence a =a,(b3—1), where ay is a 
constant mark. Thus ¢ has the term 

which is unaltered by (15). If @ is not an absolute invariant, a,=0. If @ is 
an absolute invariant, we replace @ by @— a Jl, where J is the absolute 
invariant (17),-2. In either case, it remains to consider an invariant @ having 
%=0. Since A; = 0, @ has no term with the factor a/b3. Applying suitable 
permutations of the subscripts, we conclude that 


= Az = 0; no term of > has a factor a} or a, (t$7). (22) 

From the coefficients of 63, aj b,, aj b3, a, b,, a, 6; in t, with Aj = A,,= 0, 

we get: 

dy = Ag dg = 0, Ay dy = =. (23) 
By the first three and (22), 

Ax =0; no term of has a factor aj (+7). (24) 


* Note that 7, = 0 does not imply 7, = 0 as in the algebraic theory. In fact, for 


= af + a, b, + a,b, aja} + a,b, a? a3, 


7, =0, but +0. 
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With the simplifications A,; = = Agg = 0, Ag, dg = Ago = 0, we find as 
the conditions for = 0; 0 (identically in 


Ax Ay bj, Ay dz = Ay = bi, (25) 
Ay a, + Ay a3+ Ay bi =0, Aya; = A; Ji, (26) 
Ajy dy + + Age + Ay af + + Ay af aj = 0; (27) 
Az a3 = Ag, b,, Ay b,, Ay aj, (28) 
Ax = Ags b,, a3 + + Ay = 0, (29) 


Ay + a3 + + Ag + Ay a3 + as bj = 0. (30) 
Finally, 7; becomes 
(Aj, + Agg bi) + (Ajy + Agg 5) + + Ay a3 + Ay bi) a5, 

and hence is zero by (22) and (26,). We multiply (28,) by aj and apply to (27); 

we multiply (26,) by a, and apply to (30); there result: 
dz + Agy + Age bj + a3 az + Ag + Ag, (31) 
A polynomial 9, lacking the highest term of I, will be an invariant if and only 
if it be unaltered by the simple transformations (15), (16), and satisfy conditions 


(22), (23,), (23,), (24), (25), (26), (28), (29) and (81). 
Denote the general term of by 


af af af bf bf. (32) 
The conditions that shall be unaltered by the transformations of type (15) are: 
244, =4+6+ (mod 3), (33) 


where d is a fixed integer such that ¢’= D*q@ for a transformation of 
determinant D. We treat in turn the cases d=0, d=1, d= 2. 


12. Let first @ be an absolute invariant, so that d2=0, and 
A=ate (mod 3). (33’) 
For the terms Ay aj = 3, 2, so that es = 2. By (23;), a, occurs 


in Az only in the combination a3—1. Hence €,=0(mod 3), = 2, 3. 
By (22), the factor aj 53} does not occur. Hence 


Ay = raj bi (a3 — 1), r = constant. (34) 
Proceeding similarly with A;,, and determining the constant by either (25,) 
= ray b, (a; — 1). (35) 


Listing the possible terms (32) of Ags, Ay, Ay, in view of (33'), (22), (31), 
and imposing conditions (25,), (253), (26,), we readily find that: 
Ag = + by bs + v a3 bi 55, (36) 
= ds + bg + v Ay ay bj (37) 
Ay, = + bs + v ay + 1b; (a3 —1) (a3 —1). (38) 
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Applying conditions (26,), (28,), (283), (29), and requiring that the factor 
> A;; 5; of a? in } shall be unaltered by [23], we find that: 


(39) 
Ag = (My by bs + a3 55) (a5 — 1) + 8 (az — 1) + Abi, (40) 
A,, = aj bj b3 + bs + Aa, a3, (41) 
Ay = r b3 (a3 —1) (a3 —1) + + raz bib, + (42) 


Since the factors > A,,b; and  A,,6} of a, and aj must be unaltered by [23], 
while the factors > A; aj and > Aj, aj of b, and 6; must be unaltered by [13]: 


Ajy = 1 a5 bi bs + 24,0505 + gazazb,, (43) 
An = Aas; b, + + pa,a; bi, (44) 
Aq = raz + 7 az + ay a3 bj bs + + Aaza; (45) 
Ay = raz bj + bj b3 + 7 az a2 b, + + Aa, a3 (46) 


Conditions (31) require merely that 
(47) 


Since the terms > Ao, 6}, independent of a,, must be unaltered by [23]; and 
the terms > Aj) aj, independent of b,, must be unaltered by [13]: 


= (ay by b; + a3 63) (a3 —1) + 8 


in which the constant term of ¢@ has been taken to be s. 

The A, have been so determined that @ is unaltered by the generators 
(14)-(16) of the ternary linear group in the GF[2?]. Hence the resulting 
function @ is an absolute invariant. Of the parameters occurring in the above 
expressions for the A;,, 7, s and 2 may be given arbitrary values in the field, 
while the remaining parameters are then determined by (39) and (47). 

For s=1, r=2=0, ¢ is the invariant A in (17) for n= 2. 

For~A=1, r=s=0, S83, where (§ 4) 

S3 = ay a3 + a? b, + ab, + af by. (49) 

Finally, forr=1, s=A=0, ¢ is the absolute invariant 


F=f+/", Sf = 4, by bs + ay bs + dz b3 by by + ay Ay 
+ a; a,b, b, b3 + ay by b; (a — 1) (a3 —1) 
(50) 
+ a; bs + ay b, b3 (a? — 1) (a3 — 1) 
Ay Az by by + a; b, (a? — 1) (a3 —1). 
36 


< 
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The four linearly independent absolute invariants of the ternary quadratic form 
(13) in the GF'[2?] may be taken to be A and I, given by (17), S3 and F, given by 
(49) and (50). 

We note the relation S; = 0 


13. We next readily prove that the only relative invariants of (18) are S; 
and S3. It suffices to consider the case in which d= 2 in (33). For, if d=1 
and = Dq,, then where Since we shall prove that ¢= 
it follows that @, = (¢{)’ = 

Let therefore d= 2 Fi 3). Then, by (33), 


1, A= 1, A= 1. (33!) 


For the terms (32) of Ag = 0, A= 8, so that e, = 2. But by (81), 
the factor aj cannot occur. Agy=0. Then by (25,), (253), (283), (29,), 


A jg Az = Aj dz = = a, = 0, 


so that, in these A,,, a, occurs only in the combination a}—1, whence e,=0 
(mod 3). Hence for ¢,=1, f,=2, (mod 3), f7=2. Hence 
A, has the factor For A,,, ¢= 2, f,= 2, 3; but a} 6? is not a factor. 
Hence 0, occurs in no term of A,,. Hence, by (26,), Ay =A,,=0. Similarly, 
A,, has the factor bj, while }, occurs in no term of A»; whence, by (28,), 
A,, = Ay = 0. 

In Ay a} = 3, f, = 2, so thatez=1. But a; can not be a factor since 
A,=0. Hence A, = 0 

By (25), (23) and (28,), Ag, a; = Ag, a, = As, 6,= 0. Hence has the factor 
(§11), contrary to (22). Hence A; =0. 

By (26,), Aga, = 0, so that e,=0 (mod 3). Hence f,=1. But the factor 
a’ b; can not occur since A, =0. Hence Ay = 0. 

For Ay», ¢;=1, whereas a; 63 is not a factor. Hence Ay = 

Since every A, = A;,;= 0, a factor a’ or 6® can not occur. Likewise, no 
factor a,b;, a,b}, ajb;, aj 6; (t+ 7) can occur. It thus follows readily from 
(33”) that 

Ay An=bb,, Aw = 


the last following since e; = 2, so that 5, can not occur. 
From (31), @=0, y=a, d=a. Applying the permutation [23], we get 
Henceg=S8;. 


é 
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14. On comparing the invariants of the ternary quadratic form (13) in the 
GF[2"] for the cases n =1 and n=2, we note uniformity in the invariants 
A, I, 8;. In fact, these are invariants for any n. Corresponding to F in (50), 
there should be for n=1 an invariant analogous to f itself (compare §6). We 
find that, for n =1, 7+ J is precisely of the form f with the exponents omitted. 

For n =3 the corresponding invariant must be of the form f+/?+//*. 
It would be natural to conjecture that f would be of the form (50) with ex- 
ponents 8 changed to 7, and each a} changed to a? (in view of the weights). 
While the resulting terms do form a part of f, there occur 26 additional terms 


[see (91)]. 


15. We therefore proceed to investigate the invariants of the ternary form 
(13) in the GF [2°]. Under transformation (14), let @, with exponents = 7, 
become @’. Using the same abbreviations as in §11, we find that in @’ —®@ the 
coefficients of ¢, ¢”, ¢* are, respectively: 


a, (1) + a3 (2) + bi (2*) + b3 (1? 2) + af bj (1 2”) + a} a, (1° 2°) 
+ af bj (2°) + af b, (1°2) + b, 2°) + a} b, (1? 2°) + 
+ ajay (1 2) + (1° 2%) + aaj (152) + af a$(1*2*) + ada} (1° 2°) 
+ a3 af (172°) + (a, a} + ay bj) (127) + a} df (1? 2°) + bf (1? 2") + (51) 
+ ab (1° 2°) + a} az (18 2") + a} df (17 + af a, (1° 2°) 
+ aj (15 2") + af (14 2") + af (17 2") + a} (1° 2°) 
+ af a} bj (1° 2") + a} af b, 2"), 


by (2) (12) + (1 2)+.02 (22) +a, bf (1 24) +a, bt (2°) (1° 2%) 
4 a8 (152) + (149) + a,a$b?(1 2°) + a882(2") + (172) 
+ a} aj b, (1° 2°) + b, (12 25) + a, ag b, (1 2") + a} aj (17 2”) (52) 
+ azas(1° 2°) +-aza5(1° 2*) +-a}a3(1* 2”) 1° 2°) +43 (1° 2’) 
+ + 2") (1° 2) (14 2") + aba, 28) 
4 aba (1° 2°) + ab a2 bt (152) + (1° 2") + 2), 


b? (2°) + (12 2) + a3 b, (23) + af (14) + a2 a; (13 2) + a2 a3 (1° 2°) 
+ ay a3 (1 2°) + af (24) + a, (1 2) + a3 bt (19 2") + ay Uf (1? 25) 
+ a, a3 bi (1 2°) + a} bf (27) + ab b3 (1° 2°) + a, a§ (1 27) + (17 2”) 
+ (1° 23) + ad as (19 2°) + a5 (1? 2") + alazb, (172) (53) 
+ aba$b, (1° 2°) (1? 2") +a3a$(17 2*) + afa}(1° 2°) + (15 2°) 

+ af (aj + bj) 2") + af (1° 2°) + af ag (1° 2") + a} aj (1° 2") 

+ a} a3 bf (1' 2°). 
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We may set 
0,1, 
A, a, bf (A, independent of a,, b,). (54) 


We require that (51) shall vanish identically in a,, 5, for this value of ¢. The 
simplest of the resulting conditions are: 


Aya, = Aya, = Ayb,=0 = 1,7; 3,7; 5,7; 7,7; 5,5; 7,5). (55) 

(The remaining conditions are considered later.) For these six Aj, 
Ay=a;n, 
where a, is a function of 6, only. Hence the factor ‘of aj b}.aj in ¢ is 
(az — 1) — 1). 
This must be symmetrical in b, and 6;. Hence 
= c(b;—1), c= constant. 

On replacing @ by ¢ —c/J, where J is the absolute invariant given by (17) for 


n= 3, we may set A,,=0. Hence no term of @ can have a factor aj bj (t +7). 


Thus 
Ay, = Ay, = Ag = Ay = Ag = Ay = 0. (56) 


Among the conditions that (52) shall vanish, when (56) holds, are (55) for 
,j = 2,8; 2,7; 3,3; 6,3; 6,7; 7,38, and 
= = Ay, a, = Az, a, = 0. 
Two of the conditions from (51) now reduce to A,,6,=0, A;,a;=0. Hence 
in A;,, there would be the factor (aj — 1) 08, whereas A,,=0. Hence 
When we apply (56) and (57) in computing (53), the conditions include: 
Ay, Ay = Ay dg = Ay =0, = 0, = Ag, = 0, 
= Aga, = = 0, = Ay, b, = 0. 


Hence 


In view of (57) and (58), certain of the conditions from (51) give 
Agyb,=0, = = Aj, = 0. 
But Aja, = 0 by (57). Hence 
Ags = 0, = 0. (59) 


. 
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The A; in (56), (57), (58) and (59) are the only ones which vanish in every 
invariant distinct from J, as may be seen by examining Sj and (91). We have 
therefore reached the limit to the simplification due to the vanishing Ay. We 
next give the conditions on the non-vanishing A, which result from (51)-(53). 
In a few instances a multiple of the left member of one condition has been sub- 
tracted from that of a longer condition. 


An @, = Ay a, = Ay = 0, (60) 
Anas + Aybt=0, + Apag=0, Ay bi + Ayas= 0, (61) 
Ajg dz + Ajgay + Ay = 0, + bj = 0, (62) | 
As ds + Ay 0, Ag ay + Ay =0, Aya, + as = 0, (63) 
Ay dz + Ag dz + Ax bi =0, Aja; + Ay bj = 0, (64) 
+ Ap d,=0, Aya, + Ay a, + Arg bj = 0, (65) 
Aig dz + Ag ds + Ag bf = 0, Aga, + Ag as + Ay bj = 0, (66) 
Ay dz + a3 + Ay = 0, Ay a, + Ags bi + Ay; a; bj = 0, (67) 
Ay dg + Ay bj + Aga, + Ay bi + Ay as + Ay bj = 0, (68) 
Ajy + Ag a3 + Ay bj + Ay a3 bi + Ay; a} a3 = 0, (69) 
Ay b, + Agaz=0, Ayaz=0, Ag + = 0, (70) 
+ Aj a3+ Ay, 6, + = 0, (71) 
Ay, b, + Ag, a; 0, Ay; a3 + Ay, a; 0, Ags + Ag a; 0, (72) 
Agg by + Age a3 + Ag; a; = 0, Agg by + Ax a3 + a3 = ’ (73) 
Ay; a + An az = 0, Awaz + Ag + Ap as = 0, (74) 
+ Ay a3 + a3 Ay + A,, a3 + Ay az = 0, (75) 
Ax a3 + = 0, Ay + + az + = 0, (76) 
Ay by + Ay + a2 + Ay + Ax, a, bj = 0, (77) 
Ay; bf + Ay = 0, + Ayaz=O0, Ay, aj + bj = 0, (78) 
Ay, + Ayaz=0, Ayas+ + Ay, bi =0, (79) 
bj + Ayaz=0, + Ay bi = 0, (80) 
+ Aya, = 0, Aya} + Ay bi =0, A, a5 + Ay a = 0, (81) 
Ay, bj + Ags a2 + = 0, Ags bj + Ag; + Ay = 0, (82) 
Ag + Ay bj + Aya =0, Aya, + Ay bj + Anas =, (83) 
Ag bf + Ay ag + Ayas= 0, Ay bi + Ap az + Ag + Ay a;=0, (84) 
Ay + Ax, a3 + Ags a3 + Ay as + Ay + Age aj = 0. (85) 


16. Let @ be an absolute invariant whose general term has the notation 
(32), with exponents satisfying 
t+ 2A =e +64+ (mod 7). (86) 
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From (6) and (61) we get: 
Ay, = Aw Ay = rag bf (aj — 1). 


Since the coefficient >A,, 63 of aj must be unaltered by [23], 
Ary = 7(a3 03 + a8 by + a8 Uf) (a}— 1) + kal a} + lal + lal + mbi +c. 


From (86), (62), (63), (78,), (71), (64), (72), (80), (703), (79), (783): 


= Baz bibs + yazb,b, + dazbibs + 
Aj, = Baz a; bi + yas by bs + daz ag bt + ea} ag, 
= + + dah], ead Bf, 
Ay = bibs + ya,b}b; + + ead bi, 
Ay = Bab a; bf b3 + yas bibs + da, a; b + 2a? a, bi, 
As, = Babb, + bs + da, + bf + sb; (a}— 1) (aj —1), 
Ag = Baz bf bs + yas aj bi bs + aj b, + 
Ay = + yal af by by + af Of Of + ea a, 
= Ba, a3 bi + aj b, bs + dah a3 bf b§ + eas 
b2 + yas + daz bibs + b} + pb3(a}— 1) (aj— 1), 
Ay, = Ba, + ya: bib; + + eabd,, 
Ap = Bas a3 b} + yaa as + das ea, 
= Bab + yahbib; + 6b] + ea, b} + (a}— 1) (a}—1), 
Bas bj + + ya: by bs + + ea, af, 
= Bat af bi b3 + yazb,b; + da, az bj + a}, 
= Bab a} bi 03 + ya, bs + daz a3 b§ + ea} a}. 
In view of (66,), (74,) and (83), 
m=z c=l, k=er+l. (87) 
Since the coefficient Ag, + A, aj + A,,aj of b§ in @ must be unaltered by 
the permutation [13], and likewise for the coefficient Aj + Ajg a, + Ag, aj of 08, 
and the coefficient Ay, + Aj; a, + A,, aj of 53, we get: 
= a§ 6, 63 + raj bi as b§ + af 
Avg = ras az + ra, az + ra} b, 63 + ead a} 
Aog = raz az b§ + ras a; b, b§ + ra’ a; bi bs + ea’ a, dh. 


By (652), (67), (68;): 
Ay, = ra’ b, 63 + ra, ab bj + raf af b§ + aj 
= raf 68 63 + ra, a§ b, 5§ + aj + (r + af a§ + ea$ af b? 
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By (67), (73), (741), (811), (82): 
Aj, = raj bf b3 + raz aj bi b§ + raz aj + (r + a} a3 bs + ead a2 df, 
Ag = raz b} + rd, az bf + raz as + (r + af a; b, + eaba, dt, 
Ay, = raf BE + ral af Bf Bf + af UF + (1 + €) ag afb, + a4 
Ag = raj bf b§ + raj az bf + aj bt b3 + (r + a, bs + a2 b,, 
Ay, = b} b§ + ds b} bs + ra} ag b, + (7 + aj a; + ea} a, 
Ay, = raj bi + raz a3 b, b3 + ra} a3 bi b; + aj bf, 
Ay = rag bf + ras af 63 + raf af b, + ea, af by. 


By (662), (752), (83;): 
Ary = bs + ate + af + a3 
= + a3 bj bs + a2 bi + a} 45), 
= eas 55 + af b, + a, + ay bs). 
It remains to determine Aj, Ay, Ay, Ago, Ao1, Acs, Ag, Which occur only 
in the three long conditions (69), (77) and (85). All the remaining conditions 


7 
are seen to be now satisfied. Since the coefficient > A,; 63 of aj in @ must be 


unaltered by [23], we get for 1=1, 2, 4: 
Ajy = eas (Dj + + bj bs) + Aap by, 
= cat (b, BS + a UF + bf 03) + pad af 
= cai (U3 + af + a3 b, val a} Ot. 
Since the terms > Aj) a} independent of 6, are to be unaltered by [13], 


(88) 
while the terms of A, which involve a; are: 
lai + lai ai + bi + raj (a} b, b; + a3 + af dj (89) 


From the final conditions in (68), (77), (85), we now get: 

Ay = pay b, + by + ray aj bi + + rap aj bib; + raz a3 

Age = pai bj + oa by + raz as b, + a5 65 + ra; a3 + ca} a3 Oj, 

Ay = + + ra} af bj b3 + ea, a} b3 + raz aj b, b3 + ra} bf. 

Since the term pa} b, b, of Aq b, corresponds to saj b, b; of A; aj b,, p= s =r, 
Similarly, we can determine o, ¢ and the parameters of Aj. We can do this at 
one step by requiring that the terms A); 63, independent of a,, shall be unaltered 


by [23]. We find that p=o=r=, (90) 


Ay = rai b? b2 + ra’ b, b, + raf bj b5 + la} + 7+ terms (89), 


where we have chosen the constant term of ¢ to be J. 


i 

1 

wd 
rf 
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In view of (87), (88) and (90), all the parameters occurring in the preceding 
expressions for the A,; are expressed in terms of 7, /, ¢. That the remaining 
conditions (from the coefficients of af, af, aj, 53, 63, 6.) for the invariance of @ 
under [13] and [23] are satisfied may be verified directly or from what follows. 
Hence ¢ is an absolute invariant with the three arbitrary parameters 7, J, «. 
Now 7 occurs only in Aj» and Aw; thus for J= 1, r=¢=0, ¢ is the invariant A 
given by (17). For e=1,r=/=0, @ is seen to equal 83, S; given by (49). 
Finally, for r= 1,/=¢«=0, becomes 

FS fy beds 1) + by dy 


6 3 6 


+ ay Az Ag by b; b3 + aj dg bi by A, A303 bi b, b3 + a, a3 a} bj 


We note the relation S, = 0. 


17. From the conditions in §15, we readily determine the relative in- 
variants. As in §13, it suffices to treat the case d=2. We first prove that 
Ay, = 0, then that A,; = A,,= 0, etc., proceeding as in §13. The result found is 
that the only relative invariants are the powers of S3. 


18. The results for the cases n= 1, 2, 3 differ only in the increasing com- 
plexity of the absolute invariant F. For n= 4, the investigation was limited 
to the determination of this invariant. The parameters 4 were restricted to the 
values 0,1, so that ~A7=%. Moreover, it was assumed that ¢ is identical with ¢* 
in the GF[2*], so that the presence of any term implies the presence of its 
square, with the same coefficient (in view of 47 =). Thus from A; we deduce 
Ay, The invariant thus determined is 

(92) 

where 

f = Xaj’ by bs (aY —1) (ay? — 1) + af az? ap? Oj 63 + ay by by bs + 2 ay? ag? by 
+ al? a, b2 + al? a, az bt b8 + al? a, bi by b§ + & aj? a} b, 

+ ap ay bj + aj? ay by? b3 U5 + az’ ay as bf b5 ay’ ay by! 05 

+ aj? ay? as + ay? be bg + af dy by! b5 + ay’ az’ by by 

+ aj a} as by + aj ds bj bY + ay’ dy bj b, 63 + aj az a; by” 

+ a3 as by + aj a3 as + a7 ay? as bj by + ay? az by by 

+ al af a, + af + at ab af + & af a} bY 

+X aj as bp bs + aj a} ay BO ay ay ag by by? ++ ay’ ay bj 
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19. The invariants obtained for n= 4 were expressed in terms of A, J, 8; 
and F' (F denoting J+ J when n=1). In each case we have noted the relation 
S;F=0. Since every term of §; and F involves one or more a’s, AS; = AF=0. 
By inspection, 

A=A, F=F, Al=I, 1,=I1F=0, St =&. 


By means of these relations we may express the product of any two invariants 
as a linear function of A, J, F, Sj (t=1,...., 2"—1). The latter may be taken 
as the units of a linear associative algebra with codrdinates in the GF'[2"]. 


20. As a set of independent invariants we may take 
A, &, J (J=F+/). 


Indeed, AJ= J. Next, to show that, for example, S, is independent of 
A and J, it suffices to exhibit two sets of values of the coefficients a,, b,, for which 
A has the same value, J the same value, but S; different values. Such a proof 
of the independence of A, S;, J follows by inspection from the table below. From 
§§ 2, 6, we obtain a complete set of canonical forms of ternary quadratic forms 
in the GF[2"]. In the second form, is a particular solution of y (p) = 1; for 
n=1or3, we may takep=1. We note that Y= y(/), where 


f=Xat* b, bs (ag —1) (ag —1) + terms with factor b, b, b,, 
wu denoting 2"—1. Thus F=y(p’) =1 for the second form, /'=0 for the others. 


Canonical form | 8; | 
Ly + 1 | 0] 0 
%%%+pxitpa| 0; 0} 1 
Le 0; 0] 0 

0 
Vanishing form | 0 | 1 | 1 


The five types are characterized by the respective sets of values: 
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The Motion of a Particle Attracted Towards a Fixed 
Center by a Force Varying Inversely as the 
Fifth Power of the Distance. 


By DuncAN MACMILLAN. 


Introduction. 


In his “‘ Traité des Fonctions Elliptiques,’’ Legendre discussed briefly a 
number of central forces, one of which was the very general one 


In an article, published in 1853, Stader* considered a number of others in 


rather more detail, among them the force 


2 
f 2s 
which has also been treated more recently by Miss Van Benschoten.+ A short 
discussion of this law is given in many of the standard text books on Mechanics 
or Dynamics. The elliptic functions used in these discussions have been those 
of Jacobi and the treatment has been almost exclusively confined to orbits 
having apses. 

In the present paper we shall make no restrictions upon the initial con- 
ditions, except that they shall be real. The different types of orbits are exhibited 
as a one-parameter set of curves. It is shown that for every orbit having a real 
apse there exists another orbit such that the radius vector of one is proportional 
to the reciprocal of the other, for all values of the true anomaly, and that on 


* «De orbitis et motibus puncti cuiusdam corporei circa centrum attractionum aliis, quam Newtonia, 
attractionis legibus sollicitati,’’ Journal fiir Mathematik, Vol. XLVI, p. 262. 
+ Master’s Thesis in the Library of the University of Chicago. 


| 
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every orbit not having a real apse there exists a real point such that if the true 
anomaly be measured from this point the radius vector corresponding to a positive 
value of the anomaly is.proportional to the reciprocal of the radius vector for the 
negative value of the same anomaly. There is developed also a relation between 
the times which is analogous to Kepler’s Harmonic Law. These relations are 
established in a very direct and elegant manner by the use of the elliptic functions 
of Weierstrass, which we shall, consequently, adopt. 

The paper is divided into two parts: In part I the problem is studied from 
the standpoint of the theory of functions without regard to reality questions; 
in part II the cases of real orbits are discussed. 


Part [. 


§1. Differential Equation of the Orbits. 


For the force, f= s , the differential equations in polar coordinates are 


d*r ay? _ 

() 
d __ 


where & is a constant depending upon the units chosen and is positive or negative 
according as the force is attractive or repulsive. Equation (2) furnishes at once 


the integral of areas 


do 
a h. (3) 


We also find readily the vis viva integral 
dr\? i 
From the relations | 
dr _ drd@_h dr 
dt ~ dé 
we obtain 


ES 
4 
4 
¢ 
| 
q 
H 
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For arbitrary initial conditions 


9, 70 = q,, (6) 


this equation becomes 


or, putting 


(7) 


we get the equation 


at\ 
= 46—(7) +48 (F) =R(Z). (8) 


If now we make the transformation 


we find 


U 2 
(‘5 
do / Us 
Equation (9) differs from equation (8) only in that 4 and @ are interchanged. 


Consequently any solution for = - is also a solution for its reciprocal when 6 
0 


and @ are interchanged. 
§2. General Solution of Differential Equation. 
Since only even powers of aa occur in equation (8), let us put 
70 


(10) 


From this substitution there results 


| 
2 
k ry k ry 
k 
_ 1 
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and this equation is reduced to the normal form of Weierstrass by putting 
bh 
whence 
ds \* 
=4let 4] —4 V1 — 08] = Rs). (12) 
The roots of the equation A(s) = 0 are 


d 
lll 


and 
+ Cy + 0. 
The solution of equation (12) is 
s=9(0+c’). 
Consequently 
46 
The reciprocal relation gives us also the solution 
(15) 


In comparing these two solutions it is to be observed that e¢,, e, and e, are 
unaltered by the interchange of 6 and #@, so that the g functions in the two 
cases have the same periods, these periods being functions of ¢,, e, ande,. It is 
more convenient to take the reciprocals of (14) and (15), which are 


(7) =F O+e)—4], 
(6 + c’) —e,]. 


Taking the product of these two expressions we find 


468 = [9 (0 + 
and since this is true for all values of 6 it defines the relation between ¢ and ec". 
If we take 6=-—c" the first factor of the right member becomes infinite. 
Therefore the second factor must be zero, and consequently 


(16) 


where w, is one of the half periods and g(a,) =e,. 


a 

74 
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If now we take 
e'=c— ta,, 

our solution becomes 


j= [yp (0+c+ 40,)—e,], 


(17) 
and by virtue of the formula 
‘ 
8*(»)—6, = 
we have finally 
r 206 
18 
2 4, 
U b (6 +c 
§3. Apses, Zero-Points and Infinity Points. 
Let us put 
6, =—c—to,+a, 
6, = —c— (19) 
6, = —ce— $0, +0,, 


and denote the corresponding functional values by #,, &,, &,. We find then 


_ 
= =0, (20) 
R, 2 
7 = 8 / ¢,—¢, = 
The derivative “ vanishes at the points 6= 6, and 6=06,. These points 


are apses, while the point 6 = 6, is a zero-point of the function. We may show 


this as follows: Put 


7. 
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Then (17) becomes 


(F) = +o) —4) (21) 


and by means of the addition formula * 


and the formula 


it is 7 reduced to 
te g(r) —e, | a, 


The o quotient ‘“ (zr) is an even function of 7; and therefore r(rv) = r (—7), 
A 


and the point 6, isan apse. In a manner entirely similar it is shown that 6, is 
also an apse. For the point 6,, however, we find, by putting 6= 6, + ¢, 


and by the same formule as above this reduces to 


4b 
which is an odd function of ¢, vanishing for tr = 0. 


We have thus 
r 
= (0, — 7), 


r 
(9, + = — (9, T), (25) 


+7)= 7 (—2). 


While the equations (17) have the periods 2a,, 20,, 2@,, equations (18) 
have the periods 4«,, 40, and 4o,.f 
From the formula 


(0 + 20,) = — (6), (0 + 20,) =" (6), 


*8ee Schwarz, ‘‘Formeln und Lehrsitze zum Gebrauche der elliptischen Functionen,”’ § 19, (5); also § 18, (2). 


¢Schwarz, § 23, (2). 


{ 
| 
| 
| 
q 
4 
q 4 


288 MacMi.ian: Motion of a Particle Attracted Towards a Fixed Center 


it is readily verified that the points 
6, + 20,, 6, + 2a,, 
6, + 20,, 6,+ 2a,, 
6, + 20,, 0, + 20, 
are all apses, while the points 
6, + 2a,, 
6, + 20,, 
6, + 20, 


are all zero-points. In the complete period, therefore, there are 8 apses and 
4 zero-points. The points for which 6 equals 

40, ’ 

—c— to, + 20, 

—c— to, + 20,, 

—c—to, + 20, 
are four infinity points. 

§4. Middle Points. 


Returning to equations (18) let us take 6 = —c and denote this value by 
and the corresponding value of r by &. If with these values we divide the first 


equation by the second, we find 
b 
Ge \ Bo 


If we put 6=%)+ 7 and consider negative values of z in the second equation, 
they become 


(ot + 2), 


Boo 
u 


Dividing the first of these equations by the second, we get 
r r 
(bo + 7)) (vo — 7)) 


or, simply, 


+7). = PR’. (28) 


The point y we have termed a middle point, and # is the middle distance. 
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Let us put 
=—ce+a,, 
y, =—c+a,. 


These points are also middle points. To show this let us put in (18) 92=y, +7. 
We get 


r 


+ 40, + 7), 
2 9, 
(29) 
o, +40, +7). 
Dividing, we find 
R? 
and similarly 


The addition of 20,, 2, or 2a, to any of these points brings us to another 
middle point. In the complete parallelogram of periods there are thus 16 middle 
points. 

Putting r= 40,— $a, in (28), we get 


R, R, = (31) 


which may be seen directly from equations (20). We find also, by putting 
y = 68, 


1 y (32) 
vy 


38 


1 1 — 
= 
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§5. Reciprocal Orbits. 


If the initial conditions (equation (6)) be changed, that is, we consider 
another orbit which has the initial conditions 


(33) 


the constant of areas, h, being the same as before, and we determine 7, so that 
%; = gr then 

k 


k 


(6 and @ having the same quantitative values as before), and the differential 
equation of the orbit becomes 
2 


This equation is the same as (8), except that 6 and @ are interchanged. 


It is indeed the same as equation (9). The solutions for ” and its reciprocal = 
To Up 


are obtained at once from (18) by interchanging b and P (e,, e, and e, re- 
maining unchanged) and changing the signs of the solutions on account of the 
change in sign of the derivative. We have then 


tho) 

(36) 


From the second of (36) and the first of (18) we have, by virtue of the initial 


conditions, 


B_e 
& = % (6—}0,) =" + $0,). 


Therefore 


a,. 


d — 
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Substituting this value in the first equation of (36) it becomes 


or, 
2 


Comparing this with the second equation of (18), we have, when 6 = 6, 


r _ % 
To 
and consequently, 
h*, (39) 
or, 
r 
—. =~ =1. 
T% To 


We will call this solution the reciprocal solution. 
If in equation (87) we replace 7, by 7), using the formula 


it becomes 
260, 3 
tet boy) 
+ C +e+ $0, + 2a,) (40) 
= Bo aly 


26 


=+ bot 20,). 


Comparing this with the first equation of (18), we find 
r(6+0, + =r(6+ 0, + 20,) =7 (6). (41) 
The reciprocal solution is thus included as a branch of the original solution. 
§6. Velocity in Orbit. 


The expression for the velocity in orbit is given by 


which is the same as equation (4). The value of c,, as there determined by the 


initial conditions, is 


k 
B k 
j 
br 2 
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Substituting this value of c,, we have 


1 1 
At the middle point yy, 
k 
Vi, R* 


§7. Tangents and Asymptotes. 


Denoting by @ the angle between the radius vector and the tangent to the 
curve, we have from the calculus 


Hence 


(43) 
(7) +40 


which reduces without difficulty to 


tan? @ = 


| sin?’ = 1, (44) 


or, as may also be written, 
sin? = hh’, 


or, 
2 
4 y E + sin? @ = 1, 


Since r sin @ = p is the perpendicular from the origin to the tangent, we have 
h 


vo=——. 


\ 4 
The derivative of tang with respect to r vanishes for (+) cs 2 ; that is, 
0 


at the middle points. 
The expression for the polar subtangent, 


2 


P= 4) 
+48(F) 


tan @ = 
db 
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r 
has, as oe, ames the finite limiting value TiB , or, which is the same thing, 
0 


—;,——. This limiting value of the polar subtangent is the perpendicular 


distance from the origin to the asymptote. Consequently every infinite branch 
has an asymptote. 


§8. Determination of the Time. 


From the integral of areas, 


we have, by substituting the value of 7’ from (17), 
2 h 
+e+40,)— 6] d0= % a, (45) 


which can be integrated directly, since the g function is the negative derivative 


of the ¢ function. 
Integrating and determining the constant so that 6 vanishes with ¢, we get 


Consider now another orbit (the symbols for which we will denote by the 


subscripts 1) such that 


a= a), 
= hr, (47) 
Then we will have also 

b= 

B By 

Y 

R R, 

To 

& 


Under these conditions the orbits will be similar, but will differ in size. The 
expression for the time will be given by 


+ t — 6.6 = (48) 


| 
| 
do _ i 

=h, 
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Now if we take 6 = 6, and compare (46) and (48), we find 


which by virtue of (47) becomes 


We have thus the following analogue of Kepler’s Harmonic Law: 


THEOREM: Corresponding arcs of similar orbits are described in times which 
are proportional to the cubes of the middle distances. * 

Kepler’s Law does not depend upon the eccentricity or shape of the orbit, 
while the present law is restricted to similar orbits. 


Part II. 
§9. Classification of Real Orbits. 


It has already been observed that e¢,, e, and e, are unaltered when } and @ 
are varied in such a manner as to keep their product 6@ constant. If we put 
68 =y, then for fixed values of y different values of 6 correspond to different 
starting points on the orbit. Aside from questions of scale and orientation, there- 
fore, we find all the essentially distinct orbits as a one-parameter (v) set of curves. 
Restricting ourselves hereafter to real values of the variables, these orbits fall naturally 
into two classes: First, orbits having apses; second, orbits not having apses. 

The condition for an apse is 


dr 


and from (8) we see that this condition is attained when - passes through a root of 
0 


If, however, these roots are all complex, the condition for an apse can not be 


= 0, 


satisfied for any real value of oe Considered as a quadratic in =. ae ( =) 


will have complex roots if its discriminant is negative; that is, if 


1—bB< 0. 


*Stader gives this result for circular orbits about the origin as center. 
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From this condition we see that if b@ =y is less than 1, the orbit will have an 
apse, and for values of y greater than 1 there will be no apse. Expressed in 
terms of y, 


(49) 
1—y. 
For values of y <1 these expressions are all real. For values of y >1 ¢, 
and e, are conjugate imaginaries. 
When ¢,, ¢, and e, are all real, it is customary to assign th» subscripts in 
such a manner that 


> & > 
For all values of y between — and 0 we see from (49) that 
> er, 
and consequently in this range of y 
A=1, w=2, v=8. 
When y lies between 0 and + 1, 


and in this case 
A=1, v=2, 


When y is greater than + 1, e, and e, are complex, and we follow Weierstrass 


in taking 
A=1, v=83. (discriminant negative). 


We have therefore three distinct cases depending upon the value of y. 
There are also two limiting cases, y = 0 and y —1, the solution for which can 
be expressed by means of trigonometric and logarithmic functions. 


§10. —w<y<0. 


We have already mentioned that in this case e,, e, and e, are real and that 


the subscripts have the order 
A=1, w=2, v=3. 


With these values equations (17) become 


GJ [pO + ¢+ — 4]; 


(50) 


296 MacMiuian: Motion of a Particle Attracted Towards a Fixed Center 


This last equation is what we have called the reciprocal solution (see equations 


(33) et seq.) 


Since y = 68 is negative, either @ is positive and b negative or the reverse. 
If 8 is positive and c= w,—4a,, then at 6=0 the particle is at an apse. This 
value of c, substituted in (50), determines the corresponding values of 6 and 8 


to be 1B =¢,—«, 
$b =e; —&. 


With these values equations (50) become 
1 


—1_ +0) — 4], 


€3 — 


Since 6 = = 3 and is negative and h? and 7§ are certainly positive, & must be 
0 


(51) 


II 


and consequently 


(52) 


negative. That is, the particle is moving under a repulsive force in the first 

equation of (52). B= aa is positive. Therefore & is positive and the particle 
0 

is moving under an attractive force in the second equation. If the signs of d 


and @ are interchanged, the value of c at an apse is c=, + 4@,, and the 


solutions (52) are merely interchanged. 
The real half period a, and the purely imaginary half period a, are given 


by the formule* 


a, = Q3 = _ 
where 
dp 2° do 
and 


* Schwarz, § 27, (8). 


| 
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As @ increases from 0 to a, ‘eh decreases from + toe. Consequently 


: increases from 1 to + and — F decreases from 1 to0. For the computation 
0 0 
of intermediate values the 3 functions of Jacobi are convenient, and we find* 


r _ Os 
a = > (v|7), (88) 
Sore) 
To 03 by 
where and ¢=°3, 
20, 


The expression for the time (46) for —, as measured from the apse, becomes 
0 


By differentiating logarithmically the formula + 
o, (0) = e- 7,0 (9 + @,) 


where 7, = (a,), we obtain 


Putting v = 1 in this expression, the above expression for the time may be 
written 


(6). (55) 
0 
This expression for ¢ vanishes for 6 =0 and becomes infinite for 6 = a, . 


The formula for the time for ” is obtained in the same manner as the above, 


differing only by the interchange of the subscripts 1 and 3. Making these 
changes, we get 


h 
0 63 
As 6 increases from 0 to a, ¢ increases from 0 to — 2 (m — $o%) 7, at which 
time the particle arrives at the origin. 
* Schwarz, § 45, (11), (13). t Schwarz, § 18, (1). 


39 


~ 
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§11. Case II. 0<y< 1. 
In this case e, >e, >e,, and therefore 
A=1, v=2, 
The derivation of the formule is the same as in the former case, the only difference 
throughout the work being the interchange of the subscripts 2 and 3. We find then 


To (0) — (57) 
Yo (0) — & 
where 
_ 
and 
1+V1—y’ 
In terms of the $ functions these solutions are 
The expressions for the time are 
0 0 5 (59) 


: 
(for = ) 5 =46—% (0) 


§12. Case III. y<to. 


For this range of values of y we will use the notation 

ithivy—1, 

so that A=1, w= 2, y= 8 (discriminant negative), With this ordering of the 
subscripts the half periods w, and a; are conjugate imaginaries, while a,=@, +0; 
is real. For real values of the argument the g function varies from + toe 
as the argument varies from 0 to a. 
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The solution (17) then is 


(60) 


The apses in this case are all imaginary, but the middle point yj and the 
zero-point 6, are real. If 6=0 at the middle point, then c=0; and since 
9 (4 @,) = g(— 4@,), we see by comparing the two equations (60) that 
b= y, and therefore 


= —— [9 ($a, + 9) 


Jy Le (a, — 0) — &]; 
therefore 
tO) 
0 
u 2 6 
and comparing these two equations it is evident that 
1 


or 


The formula (43) for the angle between the radius vector and the tangent to the 
curve becomes in this case 


= ivy (2) 


Since (Z ) and its reciprocal enter this expression symmetrically, @ has the 
0 


(64) 


same value for + 6 as for —6. It is also readily verified that o is a maximum 
for 6 = 0. 


= [pO +¢— tay) — 4]. 

= 
r(0).r(— 0) = 
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If we put 
p > 0, 
=pe 0< dca, 


we find the following value for a,:* 


1 
a, = V9 Ku), 
where kh? = sin® $4. 
Solving (65) for p and y, we find 
p=ivy, 
sin? = 1 
The formula for the time reduces to 
| 


§13. Limiting Cases. 
a) Limiting Case y—0. 
Since y =b8 = 0, either 6 or @ is zero; and since the solution for either 


is the reciprocal of the solution for the other, it is immaterial which we choose. 
We will take @ = 0, and then it follows from their definition (7) that 


46=-1+ 2721. 
The differential equation (8) becomes 


The solution of this equation is 


= V7 $b cos(0 + ¢). (68) 
0 
If 6=0 at an apse, we find e=0 and consequently 44 = 1, and the solution 


becomes 


* = cos 6, (69) 
To 


* See Appell et Lacour, ‘ Théorie des Fonctions Hlliptiques,’”” § 138. 
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(70) 
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which is a circle passing through the initial point and the origin and having this 


= sec 6 


line as a diameter 
The reciprocal solution is 


which is a straight line and implies that the force acting is zero 
y=1. 


b) Limiting Case 
and the differential equation (8) becomes 
(71) 


Since 68 =1, b= 3 
ail 
dé 4 o|. 
(72) 


The solution of this equation is 

To 1 — etV2e+e? 


where, to satisfy the initial conditions, we must take 
o=m log } 
1+Vb 


This solution, together with its reciprocal, represents two spirals asymptotic 


%. 


to the circle r=7, ¥ 6, one lying within the circle, the other without the circle 
and equation (20) we derive the following 


For the special values = 6 =1 this solution degenerates into the asymptotic 


circle itself; that is 
h 
(73) 


1 


From the relation ¢ a 
expression for the time in terms of 0 
25 


x 
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§14. Resumé. 
TABLE OF CASES. 
7 | é, k? 
y=0 $ —3 n/2 0 
ya] —3 + 0 1 
1 —1 —} —1 == 
TABLE OF RESULTS. 
(0) —e, | 
(b) = )| (4 4) | h E | 
cos 1 0 + tein 20] 
=0 2 
sec 0 0 1 ro tan 0 
h 
0 1 (6, és) h — @s) [ 9; | 
2 
y=l 1 To 9 
— 275 
ret [P (4, + 0) —e,]# + 0) + 
2 (do, +0) 
vyo 


. 
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The expressions in this table assume the initial position at an apse or at a 
middle point. 


§15. Orbit Considered as Function of Parameter y. 


It is interesting to trace the changes in the form of the orbit as the 
parameter y runs through its range of values from —o to +x. For 
y =— oo, w,=0 and the orbit is a straight line through the initial point 
and the origin. 

For finite negative values of y there are two orbits, one lying wholly within 


the circle, = 1, the other lying wholly without the same circle (Fig. 1), and 
0 


Fig. 1. 


2-20. 
0; 


so related that the outer orbit is the transform of the inner by reciprocal radii. 
The inner orbit consists of a series of loops passing through the origin and 
tangent to the circle, repeating themselves at intervals of 2@,. The curve is 
closed only when w, is commensurable with =. 

As y increases towards 0, a, approaches $2. The loops of the inner orbit 
broaden out and approach the circle having the initial point and the origin as a 
diameter. The outer orbit expands very rapidly and approaches the straight 


g 
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. 
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line tangent to the circle at the initial point. These limits are attained for 
y = 0 (Fig. 2). These outer orbits are denoted by (a) in the table. It will be 


Fia. 3. 


observed that the corresponding value of 36 is es—e,, which is negative. But 


5 Me 2? which for real orbits can be negative only if k is 
0 


negative. This means that the outer orbits are described under a repulsive force 
instead of an attractive force. 

As y passes through 0 the value of 4 for the outer orbits also passes 
through 0 and becomes positive; the force is therefore changed to attraction. 
It will be observed that for these orbits the expression for the radius of curvature 
also changes sign. The orbits therefore curve in the opposite direction. As y 
increases from 0 to 1, the curvature increases, «, increases towards +o, and as 
y ==1 the orbit approaches the hyperbolic spiral (equation (72)) asymptotic to the 
circle. The loops of the inner orbit continue to widen out (Fig. 3), and as y =1 
the inner orbit also approaches the hyperbolic spiral asymptotic to the circle on 


by definition $5 = 


\ 
‘ 
‘ ‘ 
' / 
' 
: 
' 
Fia. 2. 
Tr 
y= 0: — = sec 0, =cos 6. 
15 . 
i 
| 
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the inside. These limiting spirals are actually attained for the value y =1 if 
the initia] position is not taken at an apse. Otherwise the limiting orbit is the 


asymptotic circle itself (Fig. 4), In order to avoid confusion in the figure only 
that branch of the outer curve has been drawn corresponding to positive values 


of 6, and of the inner orbit the branch corresponding to negative values. As y 
passes through the value 1 these branches which are asymptotic to the circle 


40 


} 
be 
~ 
~ | 
4 
~ 
\ 
t 
\ 
| 
| \ 
| 
( 
\ \ 
he 
if 
Pig. +. 
; 
/ 
| 
5. 
201 r 2 
= : = / (1a, + 4). 
4 
4 
4 
4 


306 MacMinian: Motiwn of a Particle Attracted Towards a Center, Etc. 


unite, and for values of y >1 the orbit crosses the circle and the apse ceases to 
exist. The point of crossing becomes a middle point, and the reciprocal relation 
between the inner portion and the outer with respect to this point continues as 


4 
ie | 
\ | 
\ 
\ | 
| if 
| 
FiG. 6 
G, 
Y= 16; = / (Zw, + 4). 
ry \ WV) 6 


before. For values of y but little greater than 1, the period w, is very great, 
but decreases as y increases. The curve which now passes through the origin 
and infinity straightens out as y increases (Fig. 6). As y=-+ 0, w, decreases 
and approaches the value 0, and the orbit again approaches the straight line. 


THE UNIVERSITY OF CHICAGO, June 27, 1907. 


On a Group of Transformations which Occurs in the 
Problem of Several Bodies. 


By Epg@ar Lovett. 


Given a system of n + 1 bodies consisting of a fixed body (0, 0, 0; w) and 2 
others («;, y;, %}; m;), mutually attracting one another by central forces varying 
directly as the masses and as any arbitrary function of the distance; to determine 
the motion of the n bodies about the fixed center we arrive at a system of 6x 
differential equations of the first order in the canonical form: 

dt~ dn,’ a,’ 

di, OF OF d,_ 
dt Ox,’ .dt~ dy,’ dt dz,’ 
where &;, 7;, ¢; are proportional to the projections of the velocities of the bodies 
on the axes of coordinates, and the function / is of the form 


(1) 


n 2 2 2 
r= (2) 
the force-function being designated by U. 
Let new variables 

Jig YY; + UY; Vi = 

(1, 1, 2, 3,...-, n), (3) 

be introduced. These variables are of the same form as those employed by 
Bertrand* in the problem of three bodies. They are n(2n +1) in number 
and are not all distinct. In fact we readily see from their form that the 
symmetrical determinant 


* Bertrand, Mémoire sur l’intégration des équations différentielles de la mécanique, Journal de Liouville, 


Ser. I, Vol. XVII (1852), pp. 395-436. 
41 
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where q,; represents the square array of n’ elements obtained by giving to i, 7 
the values 1, 2, ...., m, and all its minors down to and including all the 
4(7)'){ 72) +1} which are determinants of the fourth order vanish, and that 
no one of the 4 (*;') } (°;') + 1} which are of the third order vanishes. These 
7") +1} conditions among n(2n + 1) quantities are far too numerous; 
they can be reduced to proper bounds by means of a theorem of Kronecker.* 
We find in fact that the vanishing of all the 2 (*;') } (*;') + 1{| fourth order sub- 
determinants of the above symmetrical determinant is a consequence of the 
vanishing of (n—1)(2n—3) properly chosen independent fourth order sub- 
determinants, and this choice can be made in 4 (*g') { (°3') + 1} ways. Then by 
the aid of these independent relations (n—1)(2n—83) of the variables (3) can 
be eliminated if they be employed in problem (1); there would remain 6n — 8 
independent variables, which would be sufficient since a loss of three from the 
original 6” independent variables can be accounted for by a change in orientation. 
On making n = 2 in A we have Bour’s determinant} the vanishing of which 
expresses the single relation ainong Bertrand’s ten variables (3) in the problem 


of three bodies. 
In the variables (3) the force-function U becomes 


U= em qu) m; qi + Ui — 2 (5) 


accordingly the partial derivatives of F are of the form 


oF OF i 


where the quantities 


7} 
gu) — > My, 
= 7 
di + Gy — 29% 


are coefficients depending on the forces and expressed in terms of the q’s alone. 
Then in virtue of (1) the variables (3) satisfy the following system of ordinary 


differential equations : 


“at = + + 8) + + 2 Lin Sijy (8) 
ds 


Ts 


* Kronecker, Bemerkungen zur Determinanten-Theorie, Crelle’s Journal, Vol. LX XII (1870), pp. 152-175. 
+ Bour, Mémoire sur le probléme des trois corps, Journal de V’ Ecole Polytechnique, Vol. XXI (1856), pp. 85-58. 
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these equations are the generalizations of Bour’s equations in the problem of 


three bodies. 
If now, in this problem of the motion of n bodies about a fixed center under 


forces varying as an arbitrary function of the distance as formulated above, we 
seek those integrals which do not involve the law of force, we have to find those 
functions ¢ of all the q’s, 7’s and s’s not containing the w’s, whose total derivative 
with regard to the time 

n 2 ( dpdq,; , , ds, 

vanishes independently of the u’s when the total derivatives are replaced by 


their values (8). 
From the absolute term of the equation thus formed we have the equation 


a & + = 0; (10) 


i=1 j=l 
from the coefficients of the uw; the following n equations: 


20; dy, + Ui Pw, + + Ps, ) (88) 


and finally from the terms in which the uw, appear the following 4 n(n — 1) 
equations : 


dy; dj, = 283 Gy, + 255 + (Pw, + Pw,) (Wit Pr FUP; Pry 


(12) 
+ (Six + Six Pry + + = 0, =l, Bi n), 
where for brevity we have put 


Combining these +n (n+ 1)+1 equations (10), (11), (12) in all possible 
pairs, by Poisson’s operation, we obtain the following complete system of 
n(2n-+ 1) linear partial differential equations of the first order: 


Pu, Pv, + Poy — Vii Pr, + sy Pri; — 83; =0; dj; =0; 
= Pu, — 275 Ho, (Pw, — Pw,) — — Pr, 


= (Vx Pui, V Ki Pry, + Six. 0 | 
hij 2 Pu, + 2 Pu; + ry (Pw, + Pw,) + (w; W;) + Vv; + UF Ps, | 
+> (8; + 8; Pu, + Tix + ?s,,) = 0; 
k=1 
dj, =d,, ey, Sii = fj, 1, 2, n). 


Lal 
| 
a 
ie 
if 
n 
| 
n . (14) 
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| 
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These equations are the generalizations of those given by Gravé* for the 
case n = 2. 

The preceding remarks are taken from a previous paper,f in which was 
noted incidentally the fact that the n(2n + 1) operators 

ai, di;, Cy (15) 
constitute a continuous group of transformations in Lie’s sense. That these 
infinitesimal transformations generate a group was pointed out in an unpublished 
paper read by the writer before the American Mathematical Society, December 
29, 1902. 

It is the object of the present note to construct the invariants of this group 
by the methods of Sophus Lie; the variables will be regarded as independent, 
but for convenience the notation will not be changed. 

The group property of the family (15) is exhibited by the following table 
of values of the symbol of Poisson: 


(a,, (a;,¢;) = dis) — 655 (a;, é;i) = fy; 

¢%) =— 26; (6,,¢)=—dy; Fy) = 

(c,, dy) = diy; (Ci, = — (G, &%) =—ey3 (Ci & x) =—(G, Gi) = i 

Sy) = — fas (16) 
(dy,ey) =— 26; (dy, (dy, fy) =a t+; 

(dj;, fix) = 

(Cj) = — Cxi) = (ey, =o — 

(Cy, fy) =— 2a; (Cy, Se) = —Sa 


from which have been omitted both those which are identically zero and those 
which are the simple inverses of those given. 

To find the invariants of the group we have only to integrate the complete 
system 

a, = — 9, 6,9 1,2, (17) 

of linear partial differential equations of the first order. 

This system (17) consists of n(2n+1) equations in as many variables; hence 
that a solution exist it is necessary that the determinant of the coefficients of the 
partial derivatives should vanish. This determinant of the n(2n + 1)th order 


*Gravé, Sur le probléme des trois corps, Nouvelles Annales de Mathématiques, Ser. III, Vol. XV (1896), 
pp. 587-547. 

t Lovett, On a problem including that of several bodies and admitting of an additional integral, Trans- 
actions of the American Mathematical Society, Vol. VI (1905), pp. 491-495. 
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refuses to yield to the ordinary methods of evaluation. The question of the 
vanishing of the determinant, however, takes care of itself, for after a few reduc- 
tions of the order of the system we shall find the condition of integrability satis- 
fied. Moreover we may convince ourselves of the integrability of the system 
by remarking that the determinant A is a solution of the system (17), as may be 
verified immediately by the aid of the fundamental theorems in the expansion 
of determinants. Furthermore it is easy to convince one’s self that there are 
not more than n solutions. In fact, writing down the determinant of the coeffi- 
cients of the partial derivatives of the system (17), it appears that there is a 
determinant of order 2? in it whose principal diagonal is 


wi n (w? — w?)? (18) 


and unique. The existence of this unique term can not be used to prove the 
non-vanishing of a subdeterminant of a higher order, since its coefficient in the 
original determinant is a determinant all of whose elements are zero. We infer 
then that the system of the n(2” + 1)th order has at most n solutions. 

Let us now apply the method of Boole and Korkine to the reduction of the 
order of the system in hand. 

The equation 


a, = 2, Pu, + % Pw, + » rij ?s,,) 0, (J 1), (19) 
1 
is equivalent to the simultaneous system of total differential equations 
2 VY 531 Tie Tin” 


of which we have the following 2 —1 independent integrals: 
(= 2,3,..--, n). 
Introducing the quantities (21) as new variables into the remaining equations 
of the system (17) with a view to eliminating the 2n old variables 


there results a system of (nm + 1)(2n— 1) equations in which the variables (22) 
do not appear explicitly. Indicating by an upper index unity the result of the 
substitution (21) the first member of the last-mentioned system is the equation 


a, ==0, (23) 


al 
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which is equivalent to the following simultaneous system : 
832 S49 Sng Tie 123 Ten 
of which we have the 2(m— 1) independent algebraic integrals 
Uy Vg — Wy = En, Fig — V2 = 825 8j2 — Yn) = (25) 
Njz = No» 1, 3, 4, J=3,4, 2) 


If the latter be employed as new variables to eliminate the 2—1 old ones, 


Ug, Wey Sais = 3, 4,...., (26) 
there results a system of 2n? + — 2 equations whose inital member is 
ay = 0. (27) 


Repeating this process n —1 times we arrive at the system whose first 


member is 
— 0, (28) 


the corresponding total differential system possessing the following n independent 
algebraic integrals: 
Uy Un — Wy = Ens Wr Tri On Oni 1, 2,. 1). (29) 
Up to this point all of the variables 
Uiy Wis (2, j= 1, n), (30) 
have been eliminated except 
Uny Wny Sniy Snn—1° (31) 


On introducing the variables (29) to eliminate the variables (31) the original 
system (17) is reduced after this the nth substitution to the following system of 


2n* equations: 


— 25 De, — in Ge, + (1 — 1%) (Ge, + — Eu 
1 


j= 1, 2,...-,2; 64,447); (33) 
1 


+ (% my — Eig Ex) Pe, 
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I 
+> Pe, + (rin — & Fx) + (2745 Fie — 


+ (0; 0; 13 — ] + [28% + (0; — Ei, ji) 


Ein Ew) (Prix Ping) 0, (2, j= 1, 2, cove, Ny k a, k 3); (36) 


equations whose construction has been facilitated by relations such as the 


following : 


_ "ik Eni — 
Vin Vin Sei = 
VU; 
Ski (37) 
i ig 7 ki ij 


J 
where 


E, = UY; — Wi, = — 1815 Nig — F Nis 


4 
i 
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The equations (32) themselves constitute a complete system of x equations 
in 4n(3n —1) partial derivatives; the system then possesses $n (nm — 1) inde- 
pendent solutions and these are readily found to be 


V, 
(39) 
E, 
ij tj 


Introducing these variables into the remaining equations (33), (34), (35), 
(36), eliminating the 2n (3 — 1) old variables 


Uny Tijy Eis, (2, j= 1, 2, n), (40) 
we obtain the following system: 
(34)* =>) Bis Pa; + (Ei + Bij) = 
(0 = 1, 2,...., n); (41) 


(33)" =— 28; 285i Pi; — + >i (Bii— Pg) 
1 ijk 


= Piik — Pix = 
+ (1 Ais) + Pu + G = 0, 
(42) 
(35)* = 28; Pe, + — Bis Bra) Be; + (Ee Ais 115 — Bij Bia) 


+ (Bix Bui — Ani Nei — Bix Bry) + 24,;(1— 
1 i 


+ Axi fur) + By Ais) + (Bi; — Ai; Bi) 
1 jk 


+ [(B — Bri) — Biz + (28% — Bi;) Pai, 
1 


|= 0, (2, ds k= 1, k t, k (43) 
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(36) = be, + 2E; Bu + Bi + & Bis) 
+ >: [Gi (Ani ci — Bai Bie) — Bix (Asx nix — Bie — Pry) 


+ (&; + Nij) + Bij Pz ij + (As; (&; + Bi; Biilbs,, 
Bin — Bic Bet Ais nis — Bis Bir) Oe, 
+H (28 — Bue + Bus Bre) 
+ (Bx Bij Asn: Bri Bu) (28), Bix Bix Bin 


+ ni; — Bij + (Bx Bin — Ani Mei — Bin Bi) on @, 
(i,j, b= 1, (44) 


where the upper index A indicates the result of replacing (40) by (39), and where 


we have put 


=/ Pig Pik Pri Pix Pit = Ain Ani 
j, &=1, 2,...-, n). (45) 
The complete system (41), (42), (43), (44) consists of n(2n— 1) equations 
in n(2n — 1) variables 


in order that the system have a solution it is necessary and sufficient that the 
determinant of the coefficients of the partial derivatives should vanish. 
Let the equations be so written that the partial derivatives follow the order 


(46), and let the coefficients be 


(i (i) (i). (i) . 

x)”, Hyy,----, Hi ini (47) 
i) (i). (i) (i) : (i) (i) 


2,...., n(2n— 1)]. 


Then it appears at once from the equations that 
— 25): = 0, [t= 1,2,....,n(2n— 1)], (48) 
1 1 
for all values of i; hence the determinant vanishes. 


42 
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The form of the equations (41) suggests the possibility of solutions in which 
the variables 
Rij, By, Bis (4,9 1, 2, n), (49) 
do not occur. To this end it is necessary and sufficient that all determinants of 
order $n(n + 1) in the matrix 


should vanish; but all these determinants do vanish in consequence of (48). 


If the system corresponding to any of these determinants be taken, the solution 
is immediately found in the form 


(51 


this integral involves all of the original variables 

Uy Wir Wir Tur Sy, Si» (4 7=1,2,.---, 0); (52) 
and hence we have an additional reason for the vanishing of the determinant of 
the complete system (17). 

The further reduction of the complete system of equations which we have 
been studying is attended by serious complications. It is possible however to 
examine the most symmetrical case, namely that for which n is equal to three, 
more closely with comparative ease, and to show by a method which extends 
itself to the case of n arbitrary, that no other solutions exist than those already 
found. 

When n equals three the reduced system of the n(2n —1)th order consists 
of fifteen equations which can be arranged in five sets of three equations each, 
the indices being permuted cyclically in each set; the equations for this case 
are as follows: 


(v, + = Ares =0, (v, bY + = Ags =0, (v3 + ws =0; (53) 
Byps = 0, = By = 0, = Bye = 0; (54) 
(w,fi3— "= =0, (we fox ‘= 31203; (55) 


(w, =D = 0, (we =D,,=0, (ws — ys *=Dyp=0; (5 6) 


| (wife én)" — + wy, * = = 0, 
| Ws (We fos — V2 jp)” — Vs (V2 2” + w, = = 0, (57) 
} ws (W, fai — — V3 + = = 0; 


» 
n n 
1 1 
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where 
Ain, = 2 Big Ay Pr,, + 2 Buc Pa, Ani Mei Pp, + (Ei + Pp, + Ny 

+ (+ Bix) Pa... 3 
Bin = 2 Big De, + 2 Bi + (Bu + Bi) Or, + (Bis — Bus) (Pry, — Png,) 

Cin, 2 (Ay ny — Bis Bn) Be, + 2 be, + (Ej AG — By Bu) Or, 

+ (Aj nie — Bie Big Bix Bri) (Pay, — 2 Ay (1 — Au) 
Pay, + (Bi — Au Bu) + (1 — Ay) Op, 
+ (282 — Bx — Bu) +f (Bun — Bu) Bie) 


Die = 
2 By Fi be, + 2 By + (By + By Pri; 

+ 1 Bi (Aja — Bis) — Bite Mei — Bas Bite) (Pr, — 

+ 225 (By +Bii) ba, + Bix) Pag, — 2 — f Bic) 

ki jk 

+ [Ay (Et + +2 Pay, 

(Bis Be — An — Bir Bus) Pe, + (Au — Bu Bn + 2 Bu Bu 

Pix Bix) + (Bri Bix Axi Nki — Bix Bx) 

+ [Ay + + Bis Bir] 3 
where 

p = rij Ari (59) 


That the above fifteen equations in fifteen variables possess at least one 
solution appears from the fact that we have 
Pie + Pict + Pry = 9, (60) 
where 
1 ‘ 
Pin Aine + 4. (By Bi — Ay ny) Bin + By Cin + Bi Die — (61) 


ij 
That they form a complete system is verified by reference to the table below, 
from which have been omitted all vanishing commutators and all cyclical changes 


of those given: 


q 
i 
a 
| 
t 
fi 
tt 
e } 
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(Axx, Bix) = Bir + (Aye, Bey) = Bix Brey + Gris; 

(Au, Cyx) = Con — Cris) = — Bri; 

(Ain, Dix) = By Cie — (Ayes Daiji) = Bix Dey — 

(Asx, &, 4 Bi Asx j (Aix, Ey) + Bix 
— 


(Bix, Cun) = (1 + Ai) Bu } (Bux; = By + (Bi, Bis) } 


jk 


(Bix, = + (Box — Br); (Bye, Lux) = — — 
(Bix, =; B — Ger + Dy Leg) = 4 Bi + Gus 


kij 


(Cony Chri) Big Bie + (Diig— (Cites Die) = (Bis — Bi) Bur 
+ — Din) ; 

(Cyxy Djri) = Bi Biri — Bie + 2) (Coe — Dius) 5 

= Ay (Age + 3 Ayer) + Bi) Cyne + (1 — Ay) 

(Cues = — Bs) + OP Bur 281i) Cn — On 


+ 


(Gye = Bri + By Duy — & 
jk A 


‘jk 


(Dix, Dini) = —By Bia — — 


= Cri +f (Gu — 
(Dix Ein.) (3 A, (By — Bi) + (1 — Ajj) 
(Dix; = Bij ‘ici + 4 Br Diy, 5 


Vki 


(Dix; Ew) = (Ani Nki — Pri Pix) By + By —2 Bu) Dy. — Bi; Dei; 


+ i) 
Kx) = — (Ay Ny — Bi Bj) C (Ax Nik Bix 
al 
+ ts Pri ijk + (28, Bu) 
= (xi Bin — Avi nei) Coie + (A — Big Bir) Drs 
2 Bx) + (2 Bi — Bu) 


(62) 
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The system is known to possess two solutions, namely (4) and (51) from the 
preceding discussion. The latter of these is 


E+E +E, — 2(ny + Nix + Nei); (63) 


the former may be written 


Uy Vii Sij Sik 
Sii Ski Tix 
Vij Sik ( 6 4) 
Vik Ski Vik Uy, Wr 
Six Six Wy VUE 


Designate by 123456 the columns of the matrix formed by the first 
two rows of this determinant (64); those of the matrix formed by the third and 
fourth rows by 1/2'3/4/5’6/; and finally the columns of the matrix formed by 
the last two rows by 1,2,3,4,5,6,; call these matrices A, B, C respectively. 

The expressions of the minors of any one of them, say A, in the new 
variables, can be determined by means of the relations (37) and (88); the 
expressions of the remaining ones may then be written down by cyclical permu- 
tation guided by the following substitution scheme: 

A (123456) B(3'4/5'6/1/2') ; (65) 
and the expansion of the determinant by the method of Laplace be obtained by 
substitution in the symbolical scheme below: 


12 $3456 + 4536 + 5634 — 3546 — 4635 + 3645! 
+ 23 {1456 + 4516 + 5614 — 1546 — 4615 + 1645} 
+ 34 {1256 + 2516 + 5612 — 1526 — 2615 + 1625! 
+ 45 11236 + 2316 + 3612 — 1326 — 2613 + 1623} 
+ 56 $1234 + 2314 + 3412 — 1324 — 2413 + 1423} 
— 13 $2456 + 4526 + 5624 — 2546 — 4625 + 2645} 
— 24 11356 + 3516 + 5613 — 1536 — 3615 + 1635! 
— 35 11246 + 2416 + 4612 — 1426 — 2614 + 1624! + (66) 
— 46 $1235 + 2315 + 3512 — 1325 — 2513 + 1523! 
+ 14 {2356 + 3526 + 5623 — 2536 — 3625 + 2635! 
+ 25 11346 + 3416 + 4613 — 1436 — 3614 + 1634} 
+ 36 {1945 4 2415 + 4512 — 1425 — 2514 + 1524! 
— 15 $2346 + 3426 + 4623 — 2436 — 3624 + 2634} 
-_ 96 $1345 + 3415 + 4513 — 1435 — 3514 + 1534} 
+ 16 $2345 + 3425 + 46523 — 2435 — 3524 + 2534}, 


4 
il 
| 
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in which the numbers without the parentheses belong to A, and of those within 
the parentheses the first pair of each set belongs to B and the second pair to C; 
the resulting form is long and complicated, the elegance of the form (64) disap- 
pearing in the transformation, and as it is unnecessary to our purposes it need 
not be reproduced here. 


It is now proposed to show by the aid of the determinant of the partial 
derivatives of the system (58) that the system composed of (53), (54), (55), 
(56), (57) does not possess more than two solutions. 


Call the determinant D and write it down so that its fifteen columns pro- 


ceed in the order of the partial derivatives with regard to 


Nijy Nyjky Nkiy By; Bris Bis Bis; Bis (67) 


respectively, and the rows in the order of the respective equations 


Consider now the subdeterminant of the thirteenth order of D formed by 
cutting out the fifth and sixth columns and dropping the fourteenth and fifteenth 
rows ; designate this subdeterminant by #, and its columns by C, and rows by 
and by the element common to C, and &,. 

It is not difficult to isolate a unique non-vanishing term in # and thus prove 
that # itself does not vanish. 

To this end transform the determinant # by the following operations: 1) 
Replace &, by zero; 2) replace all the @’s by zeros except @,,; 3) from C,) subtract 


Cy; 4) from subtract R,; 5) from C, subtract @;,C,; 6) from C, take G.: 


7) from R,, take J R,. In the resulting determinant £, occurs only at #3, and 
“jk 


accordingly we have the coefficient of £% by suppressing C, and 

12: In the thus depleted FR, of # the term A,,7,; occurs only at Ey) ,; in the 
depleted C,, occurs only at in the depleted the term A,;7,; occurs 
only at HL; ,; and in the depleted C, the term A,;7, appears only at #, ,); accord- 


ingly, by suppressing further from Ry, Ry, G, G, Go, we have 


the coefficient of Axi nui Ayny)’; this last-named coefficient there occurs a 


unique element, @;,£;, at Z,.,3 of the original determinant #. By these succes- 
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sive steps the coefficient of Bi Es (Ex Ani Nei Ay Ny)” is made to appear in the follow- q 


ing form: 
C; Cs C, Cy Cy C's 
0 0 0 Aix 0 Rs 
Ari 
0 0 0 0 0 Aw—1] R, (69) 
p 
1 1 0 Bii 0 Bj: Rh, 
i—f 0 @ 0 

— 0 Br, 0 |R, 

Hence we see that the term 

Bi Ani Nei Nij (1 Axi) | ki (70) 
| | 


occurs but once in the determinant D. 

We may conclude then that the system of equations possesses no more than 
two independent solutions. 

It is not difficult to write out the extension of the argument of the last 
paragraph to the case of n arbitrary. To this end consider the determinant of 
the twenty-eighth order arising in the group associated with the problem of five 
bodies, and write its columns in the order of the partial derivatives with regard 
to the variables 

Bu, Bix Bir; Bus Bu, Bi, Bris Bixs By, Ba, Bir, (71) 
respectively, and its rows in the order of the equations (41), (42), (43), (44), 
namely 

834i, 347, 34k, 341, 3377, 337k, 3377, 331i, 357k, | 

3571, 351i, 35kl, 357i, 35ik, 357), 35i/, 35/k, 3617, 867k, 36ki, (72) 

3671, 361, 3641, J 


respectively. 
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Consider now the minor of this determinant formed by cutting out Cy;,, 
Cn, R36jk, R36ki. Retaining the designations of the rows and columns as in 
the original determinant let us transform this minor by the following steps: 
1) From C@,; and C@,, take C@,,; 2) from R36kl take 6, R35k1; 3) from 
R35kt subtract 35k7; 4) from R35kl subtract £357; 5) from take 
R35kj. In the first four columns of the depleted determinant &, occurs only at 
(235k7, CE,); in the first column p,, occurs only at R35ki; in thesecond column 
py occurs only at #3577; in the fourth column p,, occurs only at #35¢/. From 
Cé, take Cy,; from take Cy,. We have the coefficient of pi; py by 
cutting out the first four coiumns and the rows £35k), kt, 17, al. In the first 
row p,; occurs only at C@,,; in the second row p, occurs only at C@,,; in the 
fourth row p, occurs only at C@,; in the first four rows &, occurs only at (234k, 
C@,;). We have the coefficient of &% pi, pi; pi, by cutting off further the first 
four rows, and the columns C@kj, ki, 17, a. In the last-named coefficient £, 
occurs only at (R36k1, CZ,,) with multiplier a,,, and at (235k, Cy); at (R386h, 


CB,) we have the term p, multiplied by (— “‘ ‘i, and , occurs at no other 
point in that row or column; at (£3571, Cy,,) we have the term p,; multiplied 
by (— =), and ,; occurs at no other point in that row or column; cut out 
wl 


then additionally R35kl, R357l, Cr, Cry, and we 
have the coefficient of 2,, &% pi; pi; pi; in this coefficient &, G,, is a unique term 
at (136%, Cy), and is a unique term and at (123671, Cy,,); accordingly, 
we have a unique term Ax, Cy & & pt; Pix Pn Whose coefficient is the 
determinant formed of the elements common to 


R35zk, li, 71, th, lj, lk, gk, ki, gl, hr, kl, 
CBjk, li, jt, tk, 07, gk, ki, jl, li, kel. 
Examining this twelfth order determinant we remark: 1) The elements of 

the minor 
ti, jhe, Wi, jl, Ui, (74) 


are all zero; 2) as regards the elements of the minor 


R35 


Cp 


li, jt, tk, lj, lh, (75) 


~ 
i 


each involves the @’s and A’s only; 3) the minors 


and 
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R33 ij, jk, ki, jl, li, kl; 
CB jk, li, zi, ik, Uj, Ue 


R35 gh, hi, jr, th, lj, lk; 
Cr jh, kr, gl, li, kl 


(76) 


(77) 


involve the 4’s only, and are equal, the rows of one being the columns of the 


other, and reciprocally. 


Accordingly we seek to determine whether the determinant 


vanishes or not. 


1 
0 

1 — Ay, 
0 

0 


This last determinant may be written as follows: 


(1 — Axi) 


Paik 
* 


— 


ki 


1 : 
ij 
1 Au 
y — 
Axi 


in which form its non-vanishing is obvious. 


0 0 
0 0 
0 0 
(78) 
— 
1 (79) 
1 


For the general case it is in similar manner made to appear that there is a 
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non-vanishing minor of order 2n?— n — 2 containing the unique term made up 
of the product of the following terms: 


1—” 

Ase: 81 

1— i=n Asis, 82 

(1 Asis.) y — Pantone Psia 838% (8 1) 

8i—1 8i 


where p, is written short for A, 1; — By By- 


Houston, TEXAS. 
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Normal Curves of Genus 6, and their Groups of 
Birational Transformations. 


By Snyper. 


1. The canonical form to which an algebraic curve of given genus can be 
reduced is one of the fundamental problems in the theory of birational trans- 
formations. The simplest forms of curves of genus 3 and their corresponding 
groups have been found by Wiman,* who also made a study of space curves of 
genus 4, and an outline of that of curves of genus 5. The forms and properties 
of plane curves of genus 4 have been determined by Miss Van Benschoten; +} 
the classification of those of genus 5 is well under way. The present paper has 
for its purpose the determination of the groups of birational transformations 
which leave curves of genus 6 invariant and to discuss various properties of such 
curves. This configuration is interesting from the fact that it is the lowest genus 
which can not be defined by the complete intersection of quadric spreads in 
hyperspace, and that only one of the defining spreads can be assumed at will. 

The general curve of genus 6 can be reduced to a sextic c, with four double 
points. The only exceptions are the hyperelliptic curve and the non-singular 
quintic. When the curve is reduced to another of the same order by a non-linear 
transformation it must contain a linear g%, of which the points of each group are 
not collinear. Since this is a special series, it can be determined by adjoint cubic 
curves 93. But the o*@,; having the four double points and any other three 
points of c, for basis points define not a gj, but g7; hence: all transformations 
which transform a non-hyperelliptic curve of genus 6 and order 6 into itself or any 
other curve of the same order birationally can be expressed by collineations and quadric 
inversions. Moreover, every transformation generated by these must, in this 
case, be either linear or quadratic. 


* Bihang till Svenska Vet. Akad. Handlingar, Band XXI (1895). 
+A. L. Van Benschoten, On the Transformations Which Leave the Algebraic Curves of Genus 4 Invariant, 
Cornell dissertation, 1908. 
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The following cases are to be considered : 
(a) The normal curve is a c, with four double points (4 P,) at the vertices 
of a quadrangle. 
(b) The c, has three collinear double points, and one other one. 
(c) The c, has a triple point P; and a double point. 
(d) The curve has a g3. 
(e) The curve is hyperelliptic. 


§1 (a). with Four Double Points, General Case. 


2. This curve has 5y}, formed by the pencils of straight lines through each 
of the nodes, and the pencil of conics through all of them. When more than 
five gj exist, the curve has an infinite number of such series and can not be 
reduced to a sextic. These series must permute among themselves; hence, 
curves of form (a) can have no group of order larger than 120. Let the four 
double points be (1, 0, 0), (0, 1, 0), (0, 0, 1), (1, 1,1). The o*@, through these 
points will be of the form 

a —ayz) + b (xy? — xyz) + + xyz) 

+ (a2 — xyz) + f(y? —ayz) = 0. 
If we now put 
px, = ary (x—2), =ay(y—z), az(x— y), 
= YZ (y x), PX, (z y), (z x), 
then between the x; exist the five following identities : 
The equation of any c, having the above points for double points can be expressed 
as a quadratic relation among the x. It contains 21 terms, or 20 constants, but 
five of these can be expressed in terms of the others by means of (1). Thus all 
the 15 = 3 p— 8 constants appear in the one equation 
> Ay, = 0. (2) 
Now consider x, as homogeneous point coordinates in linear space of five dimen- 
sions #;. The systems (1) and (2) define six quadric spreads which have a curve 
in common. Any 9; cuts c, in 10 points, hence an &, defined by >b,2,=0 
will cut the normal curve in 10 points. If the ci} be projected from any point 
upon it and the projecting cone cut by an R,, the resulting c;? can not have a 
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double point. In other words, c® can have no trisecants. By further projections 
this curve becomes c{? and c? respectively. A c; with 9 double points can not be 
reduced to a c, by means of ¢, passing through an arbitrary set of basis points, 
but if one simple basis point be assumed, three others can be found in five different 
ways, such that o*¢, can be passed through them and the nine double points.* 

If these curves be used for the transforming system, the transformed curve 
will be a c, with four double points. Since c{} can be projected from certain 
points upon it into cf, it is possible to find tetrads of points upon it such that 
through them can be passed ©” #,. It is necessary and sufficient that the four 
basis points lie in R,. If c{ be projected from one of them into cf, the other 
three will go into points lying on a straight line; hence cf has at least five 
trisecants. If cf? be projected into ; from one of the points of intersection with 
a trisecant, cf will have a double point. Finally, c? is projected from the 
double point into our plane c&. 


3. Let the systems (1) and (2) which define c{) be denoted by F,,...., F%. 
Among the spreads of the linear system >A, F,=0 are «* which can be 
expressed in terms of five variables. These particular spreads. are the four- 
dimensional quadric cones, having a point for vertex. The associated values 
of A, are found by equating the discriminant of the system A(A,,...-, As) =A(A) 
to zero. If A, be regarded as point coordinates in #;, A(A)=0 is a four-dimen- 
sional spread of order 6. The corresponding locus of the vertex of the cones 


is obtained by equating the determinant of F, = = of order 6 to zero. It is 
k 


also of order 6. Between this spread M and A exists a one-to-one point corre- 
spondence. If from a point of the curve be projected into c{ will lie 
on an F§, But there are values of 7 for which F can be expressed in terms of 
four variables. These spreads are four-dimensional quadric cones having a line 
for vertex. The values of 4 are obtained by equating all the first minors of A 
to zero. The corresponding configuration on M is a ruled hypersurface 8. If 
c? be projected into R; from a line of S which is a bisecant of the curve, the c{’ 
is of type (4, 4) on a quadric surface, and has three actual double points. 

In no case can c{ have an actual double point, as it would give rise to c?; 


but this curve has a gj, hence belongs to those of type (c). Through every point 


* Clebsch, Geometric, Vol. I, p. 695. 
+See Riemann, in Crelle, Vol. LIV, §13; Clebsch, Geometric, Vol. I, p. 693, foot-note; Brill, Math. Ann., 


Vol. I, p. 401, and Vol. II, p. 471. 
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of c{ can be passed five 2,, each of which cuts the curve in three remaining 
points. If c{} be projected from such an FR, into #,, the result is cf with four 
double points. Thus the gj in the cf, and some fixed point on the curve, can 
never be a partial series g? contained in g?, but two such points can be found so 
that the resulting gj is a partial series contained in the g®.* 


4. The four basis points project on cf into the four points in which any 
conic through the double points cuts the curve. One of them is arbitrary and 
the others are then fixed. Similarly, the two fixed points which are the images 
of the double point of cf are the residual points in which the line joining two 
nodes cuts the curve again. The adjoint @3; are made up of the straight line 
joining the other two nodes, and the * conics through the first two; as sub- 
group we have the degraded conics furmed by the line joining the second pair 
of nodes and an arbitrary line of the plane. 


5. The curve c{) is a double curve on J, the Jacobian of the system of 
quadrics. Among the lines S, some are bisecants, some simple secants, but in 
general they do not intersect c{). If the curve be projected from a general line 
of S, its image in fF, is a ci) of type (5, 5) on a quadric. It has 10 actual double 
points. On the other hand, if c{? be projected into R, from any bisecant, the 
resulting c® will have no double points. It is the partial intersection of a cubic 
and a quartic surface, the residual being a rational cf. 

Given any point P on c{). Associated with it are five sets of three points 
each, Pi, Pf, P§ (k=1,...-,5), such that each set and the point P lie in a plane. 
If these points be called a particular group, we may say: The c{ obtained by 
projecting c{) into R; from a line joining any two points of a particular group will 
always have at least one double point. 

If Pj} = P}, then through the line PP} can be passed two R,, each cutting 
ce? in two other points. The cf obtained by projecting from such a line must 
have at least two double points; but since a gj on c{) is excluded, if c? has two 
double points, it has three. Since the points associated with P} must be P, and 
the two remaining associates of P, we now have the following theorem: 

The necessary and sufficient condition that a line joining two corresponding 
points of the same particular group.on ci be the vertex of a quadric cone on which ci) 
lies is that one point on c{) is common to two particular groups belonging to the other. 


* This is a direct application of Noether’s theorem of reduction. See Segre, ‘‘Introduzione alla Geometria 
sopra un Ente Algebrico Semplicemente Infinito,’’ Ann. di Mat. (2), Vol. XXII (1894). 
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Thus, there can never be a simple coincidence of associated points on c{), 
In each case the coincidences appear in sets of three. 


6. Every non-hyperelliptic curve of genus p greater than 3 has one or more 
linear g},,. By the Riemann-Roch theorem the residual series is also a g}_,. 
In the canonical curve in #,_, these series must be cut by R,_,., arranged in 
reciprocal sets. A series of #, _; can be found having p—1 points on cf}. 
Any &,_, through these points will cut the curve in p—1 further points, which 
also lie ona #3. The curve lies on a quadric spread in #,,_, which can there- 
fore be projectively generated by the 22, of each series. This is possible only 
when the equation of one quadric on which c¥?,-!} lies can be reduced to contain 
but four variables. If this hypercone be projected from its double #,_, into Rs, 
cf. will project into c$}_, lying on a quadric surface. 

The curve is of type (p—1, p—1) and has (p—1) (p—4) double points. 
A quadratic identity between four adjoint curves can be found (by means of the 
equation of the curve itself) for every non-hyperelliptic curve of genus p > 3.* 


7. The linear transformations which leave cf invariant must also permute 
the double points among themselves. If 
A, =(I, 0, 0), A,= 0, 1, 0), A, = (0, 0, 1), A,=(1, 1, 1), 
all the possible linear transformations are contained in the gy formed by the 
4! permutations of these points. As generating operations we may take the 
three harmonic homologies 


(A, (As) (As) = 2) (25 24) (5%), 
(A, As) (Ap) (Ay) = (%1 5) 4) (23 5), 

(Ai (42) (As) (21 ws) + —% 2 +2, %— 

Since the quadratic identities (1) which are independent of the c, simply 
permute among themselves, in order to obtain the most general c, of p= 6 
which is invariant under any group contained in the above octahedron group, 
simply write a general quadratic relation among the x, and impose such conditions 
as will leave its form unaltered when operated upon by the generators of the 
group. 

The only other operation which can leave the curve invariant is the quadratic 


*This theorem does not contradict that stated by Noether, Math. Ann., Vol. XVII, p. 441. There the 
basis points a,, a,, .... are chosen arbitrarily. 
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inversion, having any three of the double points for basis points. That deter- 
mined by A, A, A; and leaving the point A, fixed can be expressed in the form 


(ay a5) (23 4). 
The pencil of conics passing through all four double points defines a fifth linear 


series g}, and may be denoted by A;. The operation of inversion as to A, A, A; 
changes the pencil of straight lines through A, into A,, and conversely. Hence 


(A, As) (A;) (Ag) (As) = (21 % 5) (a2 5) (23 


These four generators will define the symmetric group of order 120, and proper 
combinations of them will define any group contained within it. 

The largest period of any birational transformation which leaves a c, of type (a) 
invariant is six. These operations and the corresponding equations can now be 
immediately written down. In particular, if the curve belongs to the group 
generated by (A, A,), (A, -A;), (A, A;), its equation is of the form 


6 
A > + B (a, + + + + + 25 26) + C (x1 % + + 250%) =f, 


when proper use is made of equations (1). If it be invariant under (A, A,) also, 
A=—2, B=2, C=—1. Expressed in terms of x, y, z this equation defines 
the c, having the maximum group of order 120. Its form is 


§2(b). Three Double Points Collinear. 


8. If this form be inverted as to a triangle of nodes, the third node on one 
of the sides of the triangle becomes a tacnode, hence the latter configuration is 
as general as the former. Let the tacnode be at (0, 0,1), ~+ay=0 the 
equation of the tacnodal tangent. From the system of adjoint cubics we 


may write 
from which the quadratic relations 


Wy — + = 0, — + = 0 


at once follow. Any curve c, having this configuration of nodes is completely 
defined by aj, x; x; = 0. 
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The only linear transformations that will leave this configuration invariant 
are of the form 
or of the form 
In the first case 47 =1 or k*=1, but the latter is possible only for zj=2,2,, 


which is hyperelliptic, »=2. For any odd value of &, c, is composite. By 
letting a =1, which is no restriction, the curve having the non-cyclic G, becomes 
It was shown that no inversion can leave either type invariant, hence: The 
most general birational group which leaves a c, of type (b) tnvariant is the non-cyclic 
linear G,. 

If a=0, the form may be written Ya,xz7 =0. 

The case of two tacnodes, and in particular, of one tacnodal tacnode passing 
through the other tacnode, can all have the non-cyclic G,. The case of three 
consecutive collinear nodes and that of the oscnode are equivalent. The former 
is invariant under a harmonic homology, the latter under an inversion with coin- 
cident fundamental points. Moreover, both forms are invariant under one other 
harmonic homology, commutative with the first operation; hence these have also 
the same g,. 

Finally, if all four double points are consecutive, they must lie on a conic. 
If (0, 0, 1) be the point, y= 0 the tangent and zy =<" the conic on which the 
nodes lie, the system of adjoint @; may be written in the form 

and the quadratic relations become 
The only operation which will leave these forms invariant is changing the signs 
of x, and z,. Itis a harmonic homology with center on the tangent and axis 
through the node. 

9. It will be noticed that in all forms under (b) at least one of the quadratic 
identities involved but three of the variables. In each case = 0 may 
be particularized to include many more such forms, even when the form of the 


nodes is prescribed. 
44 
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Any quadratic relation involving but three adjoint @ may be written in the 


2 oo" — 9" =0, 

which, with the other quadratic relations, defines c, without extraneous factors; 
at every variable point in which ¢, @’ intersect, the former touches c,. Similarly 
for Ifthe curve ad + bq! + co" = 0 cuts c, in the two sets $1, $1’), 
($2, $3, $s'), then c, may also be written in the form 


2 (> + oid" — $1) + $29" — = (49 + c9")’; 
hence if there be two contact curves, there will be an infinite number. These 
systems are the images of the tangent 2, to the cone 299" — @” = 0 having an 
hk, for vertex. Since through a set of p—1=5 points of contact both @ and @’ 
pass, they are the basis points of a pencil. In general, if 7 be any line and y,,_, 
be a curve of order n—2 passing through the nodes, a special group of p—1 
points and n —1 of the intersections of c,, 7, then the net 
alo + 

will have p—1-+ ”—8 fixed basis points in addition to the nodes; this leaves 
p+ 2 variable intersections. This net can now be used to transform c, birationally 
into another of order p+2. The point (0, 0, 1) is a triple point P; on ¢,,., since 
the pencil of straight lines through it corresponds toag@ + 6q@’=0. A contact 
curve must go into a contact curve; hence some line of the pencil az, + ba, =0, 
counted twice, is image of the contact curve. It is a factor of an adjoint curve; 
the remaining nodes lie on a curve of order p—3. Now let a,_; be a curve 
passing through the triple point and all the double points but one, b,_, a curve 
passing through all the double points, k=, + k2,=0 be a line passing through 
the triple point and the node not lying ona,_,. The net formed by a,b, 2,6, a 
can now be used to transform c,,,. The transformed curve will be of order p+ 1, 
and the pencil through (0, 0, 1) remains invariant; as before, one of its lines must 
count double. The remaining double points lie on a curve of order p—4, but 
this is impossible unless the special line contains a second double point, hence 
(0,0, 1) isa tacnode. For p=4 and p=5 the curve can not be reduced toa 
simpler form, but for » > 5, it is always possible to further reduce the order 
of the curve. 


form 


10. These steps can be easily interpreted geometrically. The ¢ represents 
an f,, tangent to the quadric cone of #;, having an R#, for vertex. Each tangent 
R, touches c{} in five points, the points of contact lying in an R,. Let A, B, C, 
D, E be the points of contact. Project c® from A into an R, not passing 
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through A. The c{ contains the images A’, B’, C’, D', E’; it will be touched 
by an Rin B’, C', D’, E' which also passes simply through A’. The four points 
of contact lie in an /?,. Now project ci? from B’ into R; not passing through B’. 
An touches in C”, D", and passes through A”, B’. The points of 
contact are collinear. Project cf from C” into FR, not passing through C”. The 
c® will have a tacnode, and the images of the other points from which the 
successive curves were projected are the residual intersections of the tacnodal 
tangent and the curve. The gj formed by the lines of the plane of c, is such that 
if A” be adjoined to each group, the series g? is incomplete, being contained in 
ag3, similarly for g§, gi). If we construct a system of o°¢, such that when 
two further basis points (B’’, #’”) are given, a g3 will be defined, and further 
such that the g? obtained by fixing one more basis point will have as partial series 
the straight lines of the plane, it is only possible when the seven remaining 
double points lie on a conic.* 


11. If cf) be projected into &, from the vertex R, of the quadric cone, 
the result is a conic, counted five times. If c¥-} be projected from an R,_, 
vertex of a quadric cone on which the curve lies into #3, the resulting conical 
curve will cut each generator in p—1 points and have (p—1) (p—4) actual 
double points. If cf), be projected into #, from one of these double points, 
the cf)_, will have p—3 branches touching each other at a common point, and 
(p —1)(p —4) —1 other double points lying on @,_;. Both this form and the 
preceding one can be obtained without the use of special groups. 


12. Now suppose there are two quadratic relations which involve but three 
variables. Through every point of c{? now pass two tangent /,, each of which 
touches c{} in four other points. In the two correspondences formed by the 
tangent F,, it will happen for a finite number of points that the two /, will also 
have another point of c{ in common. Now proceed as before, first projecting 
from one of these points, then from the other. The cf has an actual double 
point, through which pass two planes, each of which touches cj” in three other 
points, the points of contact being collinear. 


§3(c). has a g}. 


13. When a curve of genus 6 and having a gj is reduced to cy, the curve 
must have a triple point.} 


* This same result was obtained by Kraus, Math, Ann., Vol. XVI, by a partly different method. 
+ Amodeo, “Curve k-gonali,”’ Ann. di Mat. (2), Vol. XXI (1893), p. 221. 
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If the triple point be chosen at (0, 0, 1) and the double point at (0, 1, 0), 
the system of adjoint @; may be written 

px, px, = yz, a, px 

nc hk 

defining six linearly independent quadratic relations. This system defines a 
rational ruled surface of order 4, common to all the six quadrics, which are 
therefore not sufficient to define the curve.* 

On the other hand, it is not difficult to discuss these curves directly from 
their equations in the plane. The general form is 

If (x, y) =A (y, x) and (x,y) =f, (y, x), is invariant under pa’ = yz, 
py pd=ay. If in addition f,=0, c, has the cyclic perspectivity 
oy =y, =02z, 

The latter can exist alone if ,=0, 0. 

In particular, the curve 

ay (ax® + by’) + 2 (ba? + ay’) =0 
has the quadratic inversion and 
px’ = Ota, py =Oy, pwd =z, =], 

defining the dihedral G,,. The forms having a G, generated by a harmonic 
homology about x or y and the inversion can be immediately written down. 

The curve 

+ + + (cat+ dy')az+ =0 

has the cyclic G, defined by a A ° 
it also admits the quadric’ inversion, thus defining a dihedral G;,. The point 
(0,0,1) has «=0 for triple tangent; at the double point (0, 1, 0) each tangent 
has five-point contact. The line y=0 meets ¢ in three other points, at each of 
which the tangent has four-point contact and passes through the double point. 
The curve has 32 other points of inflexion, arranged on eight lines passing 
through the double point. 

Of the two forms having four coincident double points, that with a simple 
branch passing through a tacnode may have at most a single larmonic homology, 


anye+by? + fay’? =0. 


In particular, if e-=—b,d=a,k=1, 


as 


* Kraus, l. c.; Snyder, ‘‘On Birational Transformations of Curves of High Genus,’’ JournaL, Vol. XXX 
1908), p. 10. 
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That with a simple branch passing through a cusp of the second kind, 
+ + f,(a,y) + cay + date + 2°, (x,y) =0, 
has no invariant transformations. 
§4(d). The Non-singular Quintic. 
14. It has been shown* that if a curve of genus 6 has a g? it could not be 
reduced to a sextic. The non-singular curves have at most only linear trans- 
formations into themselves. The forms of the possible linear groups to which c¢,; 


can belong have already been determined. } 

The adjoint curves are made up of all the conics of the plane. If we write 

or 
Hence, here too, the six quadratic relations are independent of the quintic curve. 
This is the only case thus far discovered of a curve not having a g} which is not 
defined by the quadratic relations among the adjoint curves. The six quadrics 
have a surface in common, but not a ruled surface. It is the Veronese surface 
of order 4. It can be projected from (0, 0,0, 0,0, 1) into x, = 0 as the rational 
ruled surface of order 3, : 
and therefore, from the preceding section, it also follows that 1f the normal curve 
be projected from a bisecant, it projects into a conic, counted four times. We have 
three interesting projections into #,. If the surface be projected from any 
bisecant, the result is a quadric surface. If the line have but one point in 
common with the surface in #,, the result is a ruled cubic of the first kind, as 
Finally, by projecting from a line not having any point on the surface, we obtain, 
for example, 
a, + a3 + + 2 (22 + + = Vv +V 


a Steiner surface. 


* Snyder, J. ¢. 

¢ Snyder, ‘Plane Quintic Curves Which Possess a Group of Linear Transformations,’ JouRNAL, Vol. XXX 
(1908), p. 1. The most interesting type is 25 + y° + 2 = 0, which is invariant under a group of order 150. 

t An excellent discussion of the Veronese surface is given by Bertini, Introduzione allu Veometria Proiettiva 
degli Iperspazi, Pisa, 1907. See Chapter XV. 
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§5(e). Hyperelliptic Curves. 
15. The canonical form of a hyperelliptic curve of genus 6 is 
= fy (x, 2). 
The characteristic G, is the homology 


=H 


If fy (x, 2) = >, (x’, 2), we have the non-cyclic G,. If fy (x, z) = fy (2, x), 
another G,, defined by H and 


(at, 


The dihedral G, arises when (2’, 2’) = 9; (#, 
By inversion, the equation of the curve may be written 
ya! = fis (a, 2). 
If fis 2) = >, (x”, 2”), we have the cyclic 


If , (x’, 2”) = 9, (2, x”), the curve also admits k, making a dihedral G,. 
yee! = 2 f, 2) has #=1; if 2), the 


dihedral y?2"= a f; the cyclic G; = Viy and if is sym- 


metric, the dihedral G,,. In particular, y?z! = a (x* + 2) (a — 14atz + 2) 
has a G3, formed by H and the octahedron group. 
= + z) has the dihedral G,,. 


y 2'= f, 2°) has the cyclic = and, if is symmetric, 


the dihedral Gy; y’z" = 2” + 2, the cyclic G.,. This is the only operation of 
period as high as 26 that any curve of genus 6 can have. 
has the dihedral G,,, and H, a of order 56.* 


* A, ‘Ueber die Curven und diejenigen vom Geschlecht p=3, welche eindeutige 
Transformationen in sich zulassen,’’ Bihang t. k. Svenska Vetenskab Akad. Handlingar, Band XXI (1895). 


CoRNELL UNIVERSITY, January, 1908. 


On the Range of Birational Transformation of Curves 
of Genus Greater than the Canonical Form. 


By Virait SNypDER. 


In a former paper* I have shown that no curve of order » can be birationally 
transformed into itself or other curve of order n, if it have fewer than 


E(* 5 *) —2 double points, H(k) being the largest integer less than h&. 


In the present paper I show what is the minimum order of the transformed 
curve, determine the nature of the transformation itself, and show how certain 
curves of this type can be generated. 


1. Ifa non-singular curve c, of order x be transformed birationally into c¢, 
by means of adjoint ,, the minimum value of y is obtained when all the basis 
points of a net («”*)@, are taken upon c,. This number is z7—a2+1;} hence 


Since we exclude collineations, and are concerned with special series g? only, 
1<a<n—8. 


Under these conditions y reaches its minimum value 2n—3 when x=2. This 
requires that the net of transforming curves be a system of «* conics circum- 
scribing a triangle whose vertices lie on c,; thus the transformation is a quadratic 
inversion. Hence: 

The curve of lowest order into which a non-singular curve of order n can be 
transformed by birational transformation other than collineation is of order 2n—3, 
and the transformation is birational for the entire plane. 


* JoURNAL, Vol. XXX (1908), pp. 10-18. 
+ C. Kiipper: Ueber das Vorkommen von linearen Schaaren....,’’? Sitzungsberichte der Bohmischen Gesell- 
schaft...., Prag, 1892, pp. 264-272. 
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But by inversion, the n —2 points on each side of the triangle will go into 
the opposite vertices; hence: 

The necessary and sufficient condition that a curve of order 2n—38 and genus 
4 (n —1) (n—2) be birationally transformable into a curve of order n is that it have 
three multiple points of order n — 2. 

Incidentally, no curve of this nature can also have a linear series gi, 
k being any integer between n and 2n—3. 


2. This result points out a curious exception to the canonical form of 
curves of genus p* when p=6. The general theorem is that any curve of 
genus 6 can be reduced to a sextic with four double points, but this is not true 
of a non-singular quintic, as the simplest curve to which it can be transformed 
is a curve of order 7, having three triple points. This is the only exception to 
the general theorem for any genus. No curve of genus 6 can have a linear g? and 
a linear gi, but every such curve has one or the other sertes. A c, with three triple 
points is not birationally equivalent to ac, of genus 6 with any other configuration 
of multiple points. Every curve of genus 6 can be transformed to ac, without 
the use of special groups (Clebsch-Lindemann, J. c., p. 689). 


3. The same value of y that was determined for «= 2 is also obtained for 
x =n-—1, but this case does not need to be considered, since the special groups 
can always be defined by simpler curves. However, as an illustration of a net 
of curves having the maximum number of basis points on a given one, the 
following curve will be of interest. Consider the curve 


xy” ya" +z22"=0 


and the linear transformations 


Sig=mely , 


The curve is invariant under the group generated by Sand 7. Since S""7= 758, 
the group is of order 3(n’—n-+1), its operators being of the form S*, S'7, S"T’. 
S* is of order n?—n +1, the others being of order 3. 

The curve is non-singular, p= 4n(n—1), and the order of S is 2p +1. 
The coordinate triangle is invariant under the group. Its sides have n-point 
contact with the curve at one vertex and a simple intersection at the other. 


* Clebsch-Lindemann: Vorlesungen tiber Geometrie, Vol. I, p. 709. Hyperelliptic curves are excluded. 
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This accounts for 3(n— 2) points of inflexion and 3(n—2)(n—3) double tangents. 
The remaining 3(n?— +1) points of inflexion are arranged in three sets of 
n?—n-+ 1 each, invariant under S, and also in n?—n+1 triads invariant 
under 7, one of which is real. From this configuration it follows that if n> 3, 
the given curve can not have a larger group than that generated by Sand 7. 
If n =3 all the inflexions are ordinary; the c is now invariant under the 
simple group of order 168. 

The invariant points of 7 are (1,1, 1), (1, 0,0’), (1,0%,@), The 
line joining the imaginary points, «+ y-+2=0, is a bitangent when n is a 
multiple of 8, the points of contact being the invariant points. The number of 
bitangents apart from the invariant triangle is 4(n?— n+ 1) (n?+ 8n—10). 
When n is a multiple of 3, this number is not a multiple of 3, but congruent 1, 
the invariant bitangent under 7. The inflexions and bitangents can be curiously 


arranged on conics of the form 


and n’—~n other systems into which this is transformed by S. But the most 
important configuration for our purpose is that formed by any point P, and its 
images under §. We shall first prove the following theorem: 

Through the n®?—n-+1 points of any cycle of S can be passed 


of order n. 
Consider the general equation of a c, written down with unknown coeffi- 


2 curves 


n 
cients. It defines 0? ""*” curves. After passing through n?—n +1 points, we 
Pp 
still require two arbitrary constants, which necessitates that all the determinants 


of order = (m + 3)—1 in the matrix formed by n?—n +1 rows and AC +3)+1 


columns should vanish. This is also a sufficient condition. The successive 
images of (a, 5, c) are (a, 06, cO"),...., (a, c6-"). the coordinates 
of these points are substituted in the equation of c, it will be seen that the 
following pairs of coefficients only differ by a constant: 


hence not only all the determinants of the matrix vanish, but also all the first 
and second minors, for at least two columns of each second minor will always 
be equal. This proves the proposition. Moreover it also follows that not every 
minor of the third order vanishes. 

45 
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If this net of ¢, be used as transforming curves, the original c,,, is trans- 
formed into a curve of order 2n—1. According to our theorem, the new curve 
must have three points of multiplicity n —1; hence the transforming curves must 
define three linear series g),, which requires that all the basis points of three 
pencils must lie on c,,,. These pencils are determined by the n?—n +1 images 
of (a, b, c) on c,,,; and any vertex of the invariant triangle. For example, the 
pencil belonging to (1, 0, 0) is 

2" — + k(a™ cy” — =0. 
The curves of any pencil in the net must have the remaining basis points on 
a straight line. When the point fixing the pencil is an invariant point, the 
curves have (n—1)-point contact with a side of the triangle. The equations of the 
transformation may then be written 
pal xy"), py pd=a™'cy*— 
from which 

From these equations, the equation of ¢,,, and the condition that (a, b,c) isa 
point upon it, we obtain 
ox’ =acuz, oy =abay, of =beyz. 

The original c,,, can be generated by the pencil 

ab" 12" —a" yz") =0 
and the projective pencil cz ++ Aby=0; hence the groups of g} lie on straight 
lines passing through the invariant point opposite to the (n—1)-point tangent, 
independently of the point (a, b,c). This completes the reduction of the trans- 
formation to the Cremona type. 


4. Now suppose c, has 6 distinct double points. In this case 


since otherwise y would certainly not be greater than n; this case was considered 
in my former paper. 

If 6 =1, 2, 3, the preceding argument will apply directly; the new curve 
is of order 2n—4, 2n—5, 2n—6, respectively, and can be obtained by inversion. 
Since the § points are assumed to be distinct, the lowest value of y that can be 
obtained by inversion is 2n—6. Further, if 6 << 2(n—4), by no other trans- 
formation can c,, be reduced to a curve of order as low as 2n—6, when n > 8. 


q 
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5. For lower values of n, the various cases can be disposed of separately. 
If p=5 and c, has gj, it must also have a g} by the Riemann-Roch theorem; 
hence the standard form of c, is one with a triple point. Since p=2-5 —b, 
the lines joining the triads of g3; must all pass through a common point. 
A sextic curve with a triple point and two double points can not be birationally 
transformed into a sextic with any other configuration of multiple points. 

If p=7, we can at once say: Any curve of genus 7 can be reduced to c; 
with 8 double points. If these be distinct it can not be further reduced. If c, 
has 2P,;+ 2P,, it also has gj and can be reduced to a c, with 3 double points 
at the vertices of a triangle. Ifthe 2 P, be replaced by a tacnode, c, has three 
collinear double points. Ifc, has P,+2P,, c, has P;. These three forms are 
birationally distinct. 

For p=8, the canonical series is gj. If gj exists, g? must also, but not 
conversely. Ifthe 13 double points of ¢, are distinct, the c, can not have either, 
Let c,, c, be two quartics intersecting in three points on a given straight line c,. 
Through the 13 residual points of intersection, and any four points on ¢, pass a 
pencil of quintics c;-++ A%cj. Make the two pencils projective in such a way that 
corresponding curves will intersect on ¢,. The locus of all the intersections 
will be a c,, having ¢, as factor. The resulting c, will have at least 13 double 
points, through which pass a net of quartics, cutting a gj on c,, but they can not 
be used to transform the curve.* 

Conversely, a c, with two double points can not be birationally transformed 
into a curve of order 8 with 18 distinct double points. When a binodal c¢, is 
transformed into c,, the latter has two triple points. 

For p=9, gj and g? are mutually exclusive. A ec! having gj must have 
P,+2P;, but ac, with 6 double points can be transformed into ec, with 12 double 
points by adjoint cubics. The c, has the property that a net of adjoint quintics 
can be passed through the 12 nodes and 9 simple points on the curve. Such a 
curve can be easily constructed by the above method. When ac, of genus 9 is 
the projection of a space curve of order 9, it can be reduced to a c,;, since when 
p=9, g? and g? are reciprocal series by the Riemann-Roch theorem. Conversely, 
from every c, with 6 distinct double points we can define a gj by means of ad- 
joint $3; hence when a cubic and a quartic surface intersect in a space cubic curve, 
the residual intersection is a space curve of order 9, having 19 apparent double 


*See Snyder: ‘‘On a Special Net of Algebraic Curves,” Bull. Amer. Math. Society, Vol. XIV (1907), p. 70. 
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points. Through the 19 bisecants from an arbitrary point can be passed a net 
of quintic cones. 
The larger values of p offer no exception to the general case. 


6. If the 6 distinct double points be replaced by s,-fold points such that 
4 > 8, (8s, —1) << 2(n—4), the orders of the transformed curves will be lower 
than 2n—6, but, as before, the curve of lowest order can be obtained by in- 
version, the three multiple points of highest order which are not collinear being 
the basis points. If 4 >s,(s,—1)= 2(n—4), and 9, has an (s,—1)-fold point 
at each s,-fold point of c,, then 45.s,(s;—1) conditions are imposed upon 9, 
and > s,(s,—1) intersections with c, are provided for. If now we assume the 
extreme case of x*—1 basis points, then 


When x=n—3, y=n, but this is only possible when the sum of the three 
highest s; is greater than m— 8, in which case the number of double points 
would be greater than 2(n—4). In every case y is greater than 2n—s,—8,—83; 
hence: 

The curve of lowest order into which a curve of order m >8 and genus 
p=4(m—1) (m— 2) — 2(m—4) can be birationally transformed can be obtained 
by quadratic inversion. | 


7. It is shown in the theory of space curves that every algebraic space 
curve can be represented by a cone &,, of the same order as the curve, and the 


monoid w = ae wherein &, is a cone containing all the double edges of &,,, 


and k,,,, passes through all the intersections of k,,, k,,. When the curve is 
given as the complete or partial intersection of two surfaces, the equation of £,, 
is obtained by eliminating one of the variables (unless the given curve is a conical 
curve) and the monoid appears incidentally in the process of elimination.* 


8. Consider the twisted curve 
w+ w?+bw+b,=0, 


wherein a,, b; are ternary forms of order 7. When the intersection is complete, 
it will be of symbol (n+ 1, n+1), or say (n,n). If partial, of symbol (n, n +1), 


* See Cayley: ‘‘On Halphen’s Characteristic n....,’’ Crelle, Vol. CXI (1893), pp. 347-352. 
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In the latter case the curve is of order 2n+1, and has n? apparent double points. 
The n’ bisecants from any point in space are the basis-edges of a pencil of cones 
of order n. Ifthe plane projection be c,,,;, and ,, $;, be two adjoint curves 
of order n, then . 


will define o°@,,, and in general 


Cr + = 0 
will define (7? + 3r—1)-fold $,,,, wherein 
leren—2. 
Hence: 

If a curve of order n + r can be passed through 4 (n—r— 2) (n—r—1) 
of the n® double points of the projection of a space curve of order 2n-+-1 and genus 
n® —n, then it will pass through all n® double points.* 

This curve can evidently be birationally transformed into a curve of order 2n, 
since the space curve can be projected into such a curve from a point upon it. 
The question now arises, what is the lowest order to which such a plane curve 
can be birationally reduced? 

The adjoint ,,, has still 77+ 3r-+1 constants, and the number of variable 
intersections is (2n+1)(n+r)—2n’. If the order of the transformed curve is y, 
then all but y of these variable intersections must be fixed basis points, and the 
system of adjoint ,,,, passing through them still have two arbitrary constants. 


9. The question may now be stated thus: Given o”+t**t! adjoint curves 
of order n +7, it is required to find (2n +1) (n+ 7) — 2n’— y fixed basis points 
upon ¢,,,, such that through them will pass «* curves of the system. This 
problem is formulated and solved in the Brill-Noether paper in Vol. VII of the 
Math. Annalen (§ 9, p. 290) for the case of a curve of general moduli. Thus, 
if we put 

t=r+3r4+1, q=2, 
then (D) (p. 291 of the B.-N. paper), 


R>(q+1)(R—t+4q) 


2Qy>4nr+ 2n—Tr—3r +3. 


becomes 


*R. Sturm: “On Some New Theorems on Curves of Double Curvature,’ British Association Report (1881), 
p. 146. Sturm’s theorem is more general than that here derived, but obtained in a different way. A different 
proof is given by Noether: ‘Zur Grundlegung der Theorie der algebraischen Raumcurven,”’ Berliner Abhand- 
lungen, 1883. 
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Since we need only consider values of r within the interval 1<r<n —2, the 
minimum value of y is 3n—2. Hence the method of counting the conditions 
will be of no service, as it presupposes that c,,,;, p=n’ —n, is a general curve 
of its class, while our curve is a highly particularized one. Forn=1 or n=2, 
the basis points may be arbitrary to reduce Cong) toc, Forn=3, we have c, 
with 9 double points. It is therefore possible to pass a net of @, through these 
9 double points (which lie on a pencil of cubics) and 4 other points on c,, thus 
defining agg. The transformed c, must have a triple point and one double point 


in order to have a gj. 


10. Now let P=(0, 0, 0,1) be any point not on the space curve R,,,,. 
Call the cone from this point /,,,,, (2, y, 2) =0. The simplest monoid will be 


fn 2) 

J, passes through the n” bisecants from P, and has n other lines in common with 
Konia» Jn4i passes through both the n’ bisecants and the n simple lines common 
to the other two cones. Let @ be any residual point of intersection of /,,,, 
The planes through @ will cut #,,,,, in a linear Project each 
of the sections of these planes and the monoid from P, and cut the cones with 
the plane w=0. These plane curves will pass through the n” double points of 
Congi, through the n simple points and the projection of the point Y. They are 
therefore adjoint $,,,, have two degrees of freedom, and have the maximum 
number of basis points 


ON ¢,,4,;-_ When this net is used to transform the curve into c,,, the trans- 
forming curves go into the o” straight lines of the plane, 7. ¢., the space curve 
is projected from the point Q; hence e¢,, has one n-fold point, and one (mn —1)- 
fold point. Since by partial elimination of w between the equation of the 
quadric and any F,,, (x, y, z, w) containing F,,,,; we can obtain a series of 
monoids of order n+, and a series of corresponding adjoint curves, ¢,,,, 


we say: 

The plane projectwn of the space curve of symbol (n,n +1) on the quadric 
surface can be birationally transformed into a curve of order 2n by means of adjoint 
curves of order n+ 7, 1S r<n— 2, having (n+ 7r)(2n + 1)—2n*?— 2n simple 
fixed basis points on the given curve. The transformed curve will have one n-fold 


> 
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point and one (n—1)-fold point, and can not be birationally transformed into any 
simpler curve. 

11. Ifthe curve be the complete intersection of a quadric and a surface of 
order n,h=n’—n. A cone of order n— 1 can be passed through the bisecants, 
and therefore * cones of order n. If f,_,, 7, be the lower and upper cones of 
the simplest monoid passing through the curve, this system of cones may be 


wen fr +h 9, 
k,=0 being any plane through the common vertex. This is the maximum 
number of basis points a triply infinite system of curves can have.* 

The &,_, passing through the n? —n bisecants from P can have no further 
intersection with #,,. The upper cone f, will pass through the bisecants, and 
2n simple edges of the lower cone. The ” planes through @ will cut the 
monoid in curves of order x which are projected into adjoint @, inw=0. They 
all pass through the image of the point Q; hence, as before, a net of @, have 
n® —n +1 basis points on c,,. The transformed curve is of order 2n—1 and is 
obtained by projecting the twisted curve from Q. Any one of the ?* projecting 
cones can be taken as superior cone of the minimum monoid. 

12. The procedure is now easily generalized. Given any space curve 
defined by the cone &,,=0 and the monoid 


Since f,, passes through all the bisecants of /,, from P and f,,, through the 
complete intersection &,,, f,, and since through this intersection «* cones of 
order n+ 1 pass, hence a net of adjoint curves of order n +1 always exists 
which will transform the curve into another, of order m—1. For no other curve 
than those of symbols (n, n), (n, n+ 1) on the hyperboloid is the maximum 
number of basis points employed. Let (a, 6), a<6 be the symbol of a general 
R,4, 0n a hyperboloid. The inferior cone of the monoid is f, _;, and the number 
of basis points for «* f, is 


When a=b or a=b—1, this number is 6?—6+1. For other values of a 


it is smaller. 


*C. Kiipper: ‘‘Bestimmung der Minimalbasis ....,’’ Monatshefte der Math. und Physik, Vol. VI (1895), 
pp. 5-11. 
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13. The same reasoning will apply directly to space curves which are the 
complete intersections of two surfaces, /,, F,,. Here 


m=uu', n=(u—I1)(u'—1), h= — 1) —1). 


The lower cone is fixed, and the upper one is fixed by the two conditions of 
passing through the bisecants, and residual intersection of k,,,, %,; hence we 
have but three degrees of freedom, just sufficient to reduce the plane curve to 
order uu’ —1. The transforming curves are of order n+1. The plane curves 
which are the projections of complete intersections of two surfaces of order u, ul can 
not be birattonally reduced to order less than uu! —1. 

As an interesting illustration, consider the two space curves of order 9, the 
complete intersection of two cubic surfaces, and the quadric curve of type (38, 6). 
In both cases h=18. In the first, n= 4; in the second, n=5. When projected 
from a point upon it, the first becomes a c, with 11 distinct double points; the 
latter a c, with a P,+P,;. Hach can be transformed into another c, in an infinite 
number of ways, but neither can be transformed into any other type, or toa 
curve of lower order. The first transformation is made by means of ¢;, the 
second by quadratic inversion. The complete intersection of F,, F,, is projected 


from a point upon it into c,,,_,, having + 2—m double points. Through 


them can always be passed @,, but not always a net. Thus if w=w’, the 
minimum curves of transformation are @,,,,, and for u’ = 2 they are conics, since 
the inferior cone of the monoid of a quadric curve, vertex on the curve, is the 
plane of the two generators through the vertex. 


14. In general, the o’ transformations of the projection of any &,, into 
Cm_, may be effected as follows: Let Q, S be any two points on the curve. By 
means of the sections of the monoid from any point P by the »? planes through 
Q@ we have already one such transformation. Similarly for the sections of the 
same monoid by the net of planes through S; hence these sections will define 
g2_, on the ¢,_, from P; but this can be more simply done by the sections of 
the monoid from P. The planes through SP will define a pencil of lines 
through the image of 8. The others will project into $,,,, , being the 
minimum cone through the trisecants passing through P. 


CoRNELL UNIVERSITY, July, 1907. 
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This paper contains a completely independent + set of assumptions for pro- 
jective geometry stated in terms of undefined elements called points and unde- 
fined classes of points called lines, The assumptions are so arranged that a 
certain group of eight characterize what may be called general projective spaces, 
t.¢., spaces in which the points can be represented by homogeneous coordinates 
which are elements of a finite or infinite number-system, in which the operation 
of multiplication may or may not be commutative. On adding to this group an 
assumption (like our Assumption Pp, p. 352) from which can be proved the 
fundamental theorem of projectivity (in the form given, for example, on p. 352), 
we obtain a set of assumptions which characterize the most general projective 


* Presented to the American Mathematical Society, Dec. 27, 1907. 
+ Ordinally independent sets have been given before, but so far as the authors are aware this is the first 


completely independent set. 
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spaces properly so-called, 7. e., spaces in which the points may be represented 
by homogeneous coordinates which are elements of a commutative number- 
system, 2. e., of a finite or infinite field. 

Modular and non-modular spaces, 7. ¢., spaces in which the coordinates are 
elements of modular or non-modular fields, are distinguished by means of 
Assumption H (§4). Finally it is shown how by replacing Assumption P_ by 
assumptions of continuity and closure we may arrive at categorical and com- 
pletely independent sets of assumptions on the one hand for the projective space 
in which the coordinates are ordinary real, and on the other hand for that in 
which the coordinates are ordinary complex numbers. 

A complete list of the assumptions for the ordinary real and complex pro- 
jective spaces of three dimensions will be found at the beginning of § 9. 

The obligations of the authors to previous work will be evident to any 
one who is familiar with the literature of the subject. For this reason we 
have omitted detailed references to previous work and content ourselves with 
the reference to the article of Enriques, Prinzipien der Geometrie, in the 
Encyklopaedie der Mathematischen Wissenschaften, Band III, Part I, pp. 1-129, 
for a bibliography. For a similar reason we have omitted all proofs of the early 
theorems, believing that their derivation from thé assumptions in question is 
sufficiently familiar. The definitions of many well-established terms have like- 
wise been omitted in the interest of brevity. 


§1. The Assumptions for General Projective Geometry. 


In the following assumptions for projective geometry we have chosen the 
point and the line as undefined elements, the line being regarded as an undefined 
class of points. The only undefined relation used is that of belonging to a class. 
This relation will be variously expressed by such phrases as: a point is on a 
line; a line joins two points; three points are collinear; etc. In this section 
we give a set of assumptions that define what may be called general projective 
spaces, in which the points may be represented by homogeneous coordinates 
which are elements of a finite or infinite number-system, in which multiplication 


may or may not be commutative. 


THE ASSUMPTIONS OF ALIGNMENT, A: 
Al. If A and B are distinct points there is at least one line containing 
both A and B. 
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a2, If Aand Bare distinct points there is not more than one line con- 
tuining both A and B. 

A3. If A, B, Care points not belonging to the same line, and if a line 1 
contains a point D of a line joining B and Cand a point E, distinct 
from D, of a line joining C and A, then the line 1 contains a point F 
of a line joining A and B. (Fig. 1.) 


1. 


AN ASSUMPTION OF EXTENSION, E: 


EO. There are at least three points on every line.* 
From Al and A2 follows readily : 


THEOREM 1. Two distinct points determine one and only one line. If Cand D 
are distinct points of the line AB,} then A and B are points of the line CD. Two 
distinct lines can not have more than one point in common. 

Definition. If P, Q, R are three points not on the same line, and 7 is a 
line joining @ and A&, the class S, of all points such that every point of 8, is 
collinear with P and some point of J is called the plane determined by P and 1. 
If P, Q, &, Tare four points not in the same line or plane, and if a is a plane 
containing Q, # and 7, the class S; of all points such that every point of 8; is 
collinear with P and some point of a is called the three-space determined by P 
and a. 

It is now possible to derive readily from the set of assumptions given above 
the results contained in the following thevrems: 


THEOREM 2. Jf A and Bare points of a plane, every point of the line AB is 
a point of the plane. Any two lines lying in the same plane have a point in common. 


* This excludes merely the case of a space in which every line consists of only two points. 
+t The symbol AB implies 4 B and denotes the line determined by A and B. 


| 
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The plane a determined by a point P and a line | is identical with the plane deter- 
mined by a point Q and a line m, if Q and mare ona. There is one and only one 


plane containing three given non-collinear points. 


TueoreM 3. Jf A and B are distinct points of a three-space, every point of the 
line AB ts a point of the three-space. Ifa plane a and a line 1 not ona lie wholly 
in the same three-space, then a and | have one and only one point in common. Any 
two distinct planes of a three-space have one and only one line in common. 

These three theorems are meaningless unless there exists at least one line 
(Theorem 1), or one plane (Theorem 2), or one three-space (Theorem 3). We 
could proceed to define a four-space, five-space,...., n-space in a manner 
analogous to the definitions of a two-space (plane) and three-space already given. 
The fundamental properties of alignment of such spaces can be derived without 
difficulty from the assumptions stated. A set of assumptions, however, from 
which the properties of a space of given dimensionality are to be derived, 
should contain in addition to those already stated such assumptions of extension 
and closure as will insure the existence of the space in question and exclude 
spaces of higher dimensionality. In this paper we confine ourselves to three 
dimensions. There follow accordingly for this case the necessary 


ASSUMPTIONS OF EXTENSION AND CLOsURE,* E: 


El. There exists at least one line. 

E2. It ts not true that every potnt lies on every line. 
E3. It is not true that every point lies on every plane, 
E38’. If S is a three-space, every point lies in 8. 

It is now a simple matter to derive the principle of duality in a three-space 
and in a plane, in view of the fact that the duals of the assumptions can be 
proved without difficulty. These two principles are stated in the following two 
theorems : 


THEOREM 4: THE PRINCIPLE OF DUALITY FOR A THREE-SPACE. Any proposition 
deducible from assumptions A and Eis valid if the words “ point”? and “ plane”’ 
are interchanged. 

THEOREM 5: THE PrincipLe or DUALITY IN A PLANE. Any proposition con- 
cerning points and lines of the same plane derived from assumptions A and 8, 1s 
valid if the words point and line are interchanged. 


* The words “ extension’’ and ‘‘closure”’ in this connection were suggested by N. J. LENNES. 
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This brief statement of the principle of duality makes necessary the use of 
such expressions as ‘‘a line lying on a point,” “‘a plane lying on a point or a 
line,” “a point containing a plane” etc., in a sense that need not be further 
explained here. 

It is now possible to enumerate the fundamental geometric forms, and to 
define perspectivity and projectivity* in the usual manner. In what follows we 
omit most definitions of well-established terms. Such terms as are defined, 
moreover, and the theorems that are proved will be confined in general to one 
form ; the dual definitions and theorems are everywhere implied without being 
explicitly stated. 

Of the theorems derivable from those thus far noted we mention, first : 


THEOREM 6: THe THEOREM OF DesArGues. The intersections of the pairs of 
homologous sides of two perspective triangles are collinear. 

Definition. The set of points in which the sides of a complete quadrangle 
meet a line is called a quadrangular set ; it is denoted by the symbol Q(4A, B, C; 
D, E, F), which implies that A, D; B, H; C, F are the intersections of pairs 
of opposite sides of the quadrangle with AB and that A, B, Care the intersections 
with AB of three concurrent sides of the quadrangle. Incase B= Hand C= F, 
A and D are harmonic conjugates with respect to B and C. 

From Theorem 6 then follows: 


THEOREM 7. Jf all but one of the points of a quadrangular set Q(A, B, C; 
D, E, F, ) are given, the remaining one is uniquely determined. In particular, the 
harmonic conjugate of a point with respect to two others is uniquely determined. 

The following propositions concerning the projectivities of one-dimensional 
forms are also readily derivable from the assumptions and theorems thus far 


noted: 


TueroreM 8. Jf A, B, C, D are points of a line, and A’, B’, C' are points 
of another or the same line, we always have (A, B, C) A(A', B', C'\t and 
(A, B, C, D) A (B, A, D, C). A set of collinear points which is projective with a 
quadrangular set is a quadrangular set. In particular, tf one of two projective sets 


* We use PoncELET’sS definition of projectivity, which defines it as the resultant of a sequence of 


perspectivities. 
+ The notation (A, B,....) A (A’, B’,....) denotes a projectivity in which A, A’; B, B’;.... are homol- 


ogous pairs. Similarly (A, B,....) P (A’, B’,....) denotes a perspectivity with center P in which A, A’; 
A 


B, B’;.... are homologous pairs. 
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of four collinear points is harmonic, so also ts the other. If the ranges on two pairs 
of a set of three concurrent lines are perspective, so also are the ranges on the third 
patr. 

It is not possible, however, to deduce from the assumptions A and E the 
so-called fundamental theorem of projectivity, which we state in the following 


form: 


THE FUNDAMENTAL THEOREM OF Prosectivity. Jf A, B, C, D are 
potnts of a line, and A’, B', C' any three distinct points of another or the same line, 
then for any projectwities giving (A, B, C, D) A (A', B’, C’, D') and (A, B, C, D) 
A (A', B’, C', Dj) we have D' = Dj. 

To derive the fundamental theorem another assumption is necessary, which 
may take any one of several forms. One form is the following: 


AN ASSUMPTION OF PROJECTIVITY, P: 

Pp. Two projective ranges of points on two different lines which have a self- 
corresponding point are perspective. 

Very little use of this assumption is made in the subsequent parts of this 
paper ; indeed the principal part of the paper ts entirely independent of it, so that 
all numbered theorems are derivable without its use. We have given it here merely 
in order that we might characterize by a set of simple assumptions what may be 
called the most general properly projective spaces; 1. e., those in which the funda- 
mental theorem of projectivity is valid. Such a space is characterized by 
assumptions A, E and p. A space satisfying assumptions A and £, and not P, 
may then be called an improperly projective space. Cf. in this connection, 
Theorem 14 below, which shows that assumption P is equivalent to the com- 
mutative law of multiplication in the algebra there developed. 


§2. Algebra of Points and the Introduction of Analytic Methods. 


At this point it seems desirable to introduce analytic methods. The intro- 
duction of a point algebra, which is possible without the use of any further 
assumptions, will throw more light on the preceding results and will greatly 
facilitate much of the subsequent work. 

Given a line 7 and on 7 three distinct (arbitrary) fixed points which for 
convenience and suggestiveness we denote by Py, Pi, P.., we define two one- 


Hf 
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valued operations* on pairs of points of 7 with reference to the fundamental points 
P,, P;, P,,. The fundamental points are said to determine the scale (Py, P;, P,) 
on J, 

Definition. The point P,,, determined by the relation Q(P,, Pz, Po; 
P.,, Py, Pry) is called the sum of the two points P, and P, (in symbols P, + P, 
= P,,,) in the scale (P,, P,, P,) ond. (Cf. Fig. 2.) The point P,, determined 
by the relation Q(Py, Pi, P,; P, P2,, Py) is called the product of P, by P, (in 
symbols P,. P, = P,,) in the scale (Py, P,, P,,) onl. (Cf. Fig. 3.) 


From Theorem 7 follows: 


THEOREM 9. The operations of addition and multiplication are one-valued, 
except for Py. and P,,. Py. 
From Theorem 7 likewise follows: 


THEOREM 10. The operation of addition is commutative. 
There is no difficulty, moreover, in proving 


THEOREM 11. The operations of addition and multiplication are associative. 

For, the constructions for (P, + P,) + P, and P,+(P,+ P.) can easily 
be so made that they are both defined by the intersection of the same line with /. 
Similarly for P,.(P,.P.) and(P,.P,).P,. (Cf. Figs. 2, 3.) 


* By a one-valued operation o on a pair of points A, B is meant any process whereby with every pair A, B 
is associated a point C, which is unique provided the order of A, B is given; in symbols, AaB=C. Here 
‘corder’? has no geometrical significance, but implies merely the formal difference of ‘AoB and BoA. If 
AoB = BoA the operation is commutative; if (AoB)oC = Ao(BoC), associative. 


Fia@. 2. 
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By means of assumptions A and E alone we may also derive the following 
important theorem: 


THEOREM 12. Between the points P,, P,, P,, we always have the projectivities 


and 
Py, P,, P,) A Py, 
We 
NS 
Ag 


Fie. 3. 


Proof. Let the quadrangle ABXY define the point P,,. (Fig. 3.) We then 
have 


A Y 


and also 


B xX 
(Pas Poy Pry Py) (G Po, A, ¥) 


From this theorem we can readily derive 


THeoreM 13: THE Distriputive Law. For any three points P,,, P,, P, onl we 
Proof. By Theorem 12 we have 
also O(P., P,, Poi Ps, Pyis); Whence we have Pi; 
P,, Pre, (Theorem 8), which gives P,, + P,, = Pyys.. This is the 
first relation of the theorem. The second is obtained similarly. 


tH 
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The commutative law of multiplication can not be derived from assumptions 
Aand Ealone. The intimate connection between the commutative law of multi- 
plication and the fundamental theorem of projective geometry is expressed in 
the following : 


THEOREM 14. Multiplication is commutative, if and only if the fundamental 
theorem of projective geometry is valid. 

Proof. From Theorem 12 we have 

an 
Po, P,, P,) A Py, P,,; Pyx); 
whence clearly P,, = P,,, if and only if the fundamental theorem holds. 
(Cf. p. 352.) 

The inverse operations, subtraction and division, may now be defined in the 
usual manner. Itis then readily seen that the points of a line on which a scale has 
been established form a number-system,* if the point P,, be excluded, in which the 
points P, and P, play the role of zero and unity respectively. For the definitions 
of addition and multiplication give at once 

and 
This number-system is commutative, if and only if the space considered is properly 
projective. For convenience we shall denote the points of a line by the small 
letters of the alphabet, whenever we think of them as numbers of a number- 
system. 

We may now treat analytically the projectivities on a line for the case in 
which the number-system is commutative, i. e., for a properly projective space. It 
is readily seen from the definitions that each of the transformations 


defines a projectivity ; and it is readily shown that every transformation of the 
form 


can be resolved into the product of transformations of types (1), so that every 


* For the general definition of a number-system see Dickson, Definition of Linear Associative Algebra by 
Independent Postulates, Trans. Amer. Math. Soc., Vol. IV (1903), p. 21. 
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transformation (2) is a projectivity. That every projectivity in a properly 
projective space can be represented by (2) then follows at once from the fact 
that any such projectivity is uniquely defined when three pairs of homologous 
points are given. This leads to three linear homogeneous equations for the 
determination of the ratios a:b:c:d, and these equations are necessarily 
solvable in the field. 

The double ratios of four points are now defined in the usual manner and 
their invariance under projective transformations follows immediately from their 
evident invariance under each of the three types (1). Further, the double ratio 
of a harmonic form (a, 6, c, d) in which a, c are conjugate is clearly 

— (3) 
since — 1 is the harmonic conjugate of 1 with respect to 0 and o (by definition 
of — 1 as 0 — 1) and all harmonic forms are projective. 

The exceptional character of the point P, in the point-algebra may be 
removed in the usual manner by the introduction of homogeneous coordinates 
and the ordinary analytic methods may be developed for the plane and for space 
without difficulty. 


§ 3. Nets of Rationality. 


Definition. A point P of a line is said to be harmonically (quadrangularly) 
related tv three given distinct points A, B, C of the line, provided P is one of a 
sequence of points A, B, C, H,, H,, Hj, .... of the line, finite in number, such 
that H, is the harmonic conjugate of one of the points A, B, C with respect to 
the other two, and such that every other point H; is harmonic with three of (is 
one of a quadrangular set of which the other five belong to) the set A, B, C, 
H,, Hp, ...., H,_,. The class of all points harmonically related to three distinct 
points A, B, C ona line is called the net of rationality (on the line) defined by 
A, B, C; it is denoted by Rk (A, B, C). 


TueoreM 15. Jf A, B, C, Dand A’, B', C', D' are respectively points of two 
lines such that (A, B, C, D) X (A', B’, C', D’), and tf D is harmonically (quadran- 
gularly) related to A, B, C, then D' ts harmonically (quadrangularly) related to 
A’, B,C. 

This follows directly from the fact that the projectivity of the theorem 
makes the set of points H; which defines D as harmonically (quadrangularly) 


itt 
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related to A, B, C projective with a set of points H} such that every harmonic 
(quadrangular) set of points of the sequence A, B, C, H,, H,, ...-, Dis homologous 
with a harmonic (quadrangular) set of the sequence A’, B’, C’, Hi, H},... , D’ 
(Theorem 8). 

CoroLLaRy. If a class of points on a line is projective with a net of rationality 
on a line, it 18 itself a net of rationality. 


THEOREM 16. Jf K, L, M are three distinct points of R(A, B, C), A, B, C 
are points of R(K, L, M). 

Proof. From the projectivity (A, B, C, K) A(B, A, K, C) follows by 
Theorem 15 that C is a point of R(A, B, XK), or R(A, B, C)= R(A, B, K) 
= h(A, K, M) = L, M). 


CoroLLaRyY. A net of rationality on a line is determined by any distinct three 
of its points. 

THEOREM 17. Jf all but one of the six (or fwe, or four) points of a quadran- 
gular set are points of the same net of rationality FR, this one point is alsoa point of R, 

Proof. Let the sides of the quadrangle PQRS (Fig. 4) meet the line 7 as 
indicated in the points A, A,; B, B,; C, C,; and suppose that the first five of 
these are points of a net of rationality k = R(A, A,, B,) = R(A,, B,, C)=..... 
We must prove that (C;, is a point of &. Let the pairs of lines PS, QR and PQ, 
RS meet in A’, B’ respectively, and let A’B’ meet 7 in X. We then have 


A! 
(A,, B, B,, C) B', B,, 8) A (A,, X, B,, A), 
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whence (A,, B, B,,C) A (A,, X, B,, A), so that if B is a point of R(A,, B,, C), 
X is a point of &(A,, B,, A); but these two nets are identical with &, so that 
X isa pointof Rk. Now, 


(4, Bi, X, A) (S, B, BY, (A, By, B, 


which shows that C;, is a point of £. 

CoroLLary. The class of all points quadrangularly related to three distinct 
points A, B,C is R(A, B, C). 

Although the fundamental theorem of projective geometry can not be 
deduced in general from the assumptions a and £, the corresponding theorem 
for a net of rationality on a line follows almost immediately from the preceding 
theorems. It may be stated as follows: 


THEOREM 18: THE FUNDAMENTAL THEOREM OF ProJeEcTIvITY FoR A NET oF 
RaTIONALITY ON A Line. Jf A, B, C, D are distinct points of a net of rationality R 
on a line, and A', B’, C', any three distinct points on another or the same line, then 
for any projectwities giving (A, B, C, D) XK (A’, B', C', D') and (A, B, C, D) 
(A’, B’, C', Dj) we have D'= Dj. 

Proof. Let II and II, be the two projectivities respectively. Then clearly 
the projectivity II, [1-' leaves A’, B’, C’ unchanged and transforms D’ into D/. 
But it is easy to see that a projectivity which leaves three distinct points of a 
line unchanged leaves all the points of the net of rationality defined by these 
points unchanged, since if three points of a line are fixed the harmonic conjugate 
of one with respect to the other two is also fixed. 

Corotuary. If two nets of rationality on different lines are projective and have 
a self-corresponding point, they are perspective. 

Definition. If A, B, C, D are the vertices of a quadrangle, a point P of 
their plane is said to be rationally related to them, if P is one of a sequence of 
points A, B, C, D, D,, D,,.... fimite in number, such that D, is a diagonal 
point of the original quadrangle nd such that every other point D, is a diagonal 
point of a quadrangle whose vertices are contained in the set 

A, B,C, D, Dy, «++ +5 
A line is said to be rationally related to A, B, C, D, if it joins two points 
rationally related to them. The class of all points and lines rationally related 
to four distinct coplanar points is called the net of rationality (in the plane) 
defined by the four points. It is denoted by R(A, B, C, D). 


fi 
i 
i 
} 


VEBLEN and Young: A Set of Assumptions for Projective Geometry. 359 


The following is a consequence of this definition and the corollary of 
Theorem 17: 


THEOREM 19. The points in which the lines of a net of rationality in a plane 
meet any line of the plane form a net of rationality on this line. 

Definition. If A, B, C, D, E are the vertices of a complete space five-point, 
a point P is said to be rationally related to them, if P is one of a sequence of 
points A, B, C, D, 4,.---, finite in number, such that is the inter- 
section of three distinct faces of ABCDE, and such that every other point J; is 
the intersection of three distinct faces of a complete space five-point whose 
vertices belong to the set A, B,C, D, .---, A line is said to be 
rationally related to A, B, C, D, E if it joins two, a plane if it joins three non- 
collinear, points which are rationally related to A, B, C, D, E. The set of all 
points, lines, and planes rationally related to A, B, C, D, E is called the net of 
rationality (in space) defined by A, B, C, D, E; it is denoted by R(A, B, C, D, EF). 

This definition gives 


THEOREM 20. The points and lines (points) in which the lines and planes 
(planes) of a net of rationality in space meet any plane (line) form a net of 
rationality on this plane (line). 

Theorems analogous to Theorems 15, 16, 18 can readily be derived for nets 
of rationality in a plane and in space. 

This leads to the important result : 


THEOREM 21. A net of rationality in space is a space satisfying the assumptions 
A and. £ and also P; %.¢., a net of rationality in space is a properly projective space. 

Corotiary. Jf P,, Pi, P, are three distinct points of any line, the points of 
R(Po, form a commutative number-system or field. 

This follows directly from the last theorem in connection with Theorem 14. 

‘‘ Rational” geometries would result, if we added to our assumptions A and E 
another assumption of closure (E3/(7)) to the effect that all the points of space 
belong to the same net of rationality. In general, any five-point in any properly 
or improperly projective space determines a sub-space which is rational and 


therefore properly projective. 


§4. Assumption u and the Definiiion of Separation. 


Definition. Any sequence of points...., Ay, H,, Hz, Hj,.... on a line is 
called a harmonic sequence, if it has the properties: 1) that the middle one of any 


— 
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three consecutive points of the sequence is the harmonic conjugate, with respect 
to the other two, of a fixed point H of the line; and 2) that, if /;, H,,,; are any 
two consecutive points of the sequence, the harmonic conjugate of H, with 
respect to H;,, and H isa point of the sequence. The point H is called the 
lumit point of the sequence. (Cf. Fig. 5.) 


If the limit point of a harmonic sequence is associated with o* and two 
successive points of the sequence with 0 and 1 respectively, it follows (cf. Fig. 5) 
at once, from the definitions of § 2, that the sequence consists of the points 


—1—1—1, —1—1, —1, 0,1,1 +1,1+1+41, ....; 
or if we adopt the usual symbols to denote these numbers, of the points 


It should here be noted that the assumptions thus far made do not imply 
that this sequence contains an infinite number of points. 

Clearly all points of a harmonic sequence belong to the same net of ration- 
ality. Moreover, it follows from Theorem 21, corollary, that if x and y belong 
to the net R(0, 1, ©) soalsodo x+y, x—y, ay, and x/y, so that R(0, 1, 0) 
contains all numbers that can be obtained from 0, 1 by a finite number of the 
rational operations. Further, from (3)} (p. 356) of §2, it follows that the 
fourth harmonic of any point in (0, 1, 0) with respect to two others can be 
obtained by a finite number of rational operations on a, b,c. Whence follows 


* For convenience we use the symbols 0,1, 0,....,%, y,.... im place of P,, P,, P de 


+ (3) is clearly applicable, since multiplication is commutative in any net of rationality. 


f | 
\\\ | 
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that the number-system associated with every net of rationality consists of all nwmbers 
that can be obtained by a finite number of rational operations on 0 and 1, and only 


these. 


Returning to the harmonic sequence, two possibilities present themselves: 


Hither all the points of a harmonic sequence are distinct from their predecessors, 


in which case the number-system contains all the ordinary rational numbers; or 
some point of the sequence coincides with one of the preceding points, in which 
case the number-system consists of all integers mod. p (p being any prime).* 


The net of rationality may in this case be called modular. These results we 
combine as follows: 


THEOREM 22. Every net of rationality determines a number-system which con- 
sists either of all integers mod. p ( p any prime), or of the set of all rational numbers. 
In the first case the whole space in which the net lies may contain either a finite or an 
infinite number of points, but rt has the same modulus for all of its nets of rationality. 


In the second case the whole space and all of its nets of rationality are. infinite. 


CoroLLaRY. Any (not necessarily commutative) number-system ts such that any 


two numbers a, b, (e. g-, 0, 1) determine a set of numbers rationally related to them 


which is either finite and prime or infinite and isomorphic with the set of all 


rationals. 


Working now toward the characterization of the ordinary real and complex 


projective spaces, we eliminate the possibility of a modular number-system by 
the following: 


ASSUMPTION H: 
H. If there is any harmonic sequence, there is one such that every point of it 
is distinct from all the points of the sequence that precede it.t 
By virtue of this assumption we have clearly : 


THEOREM 23. The points of any net of rationality on a line give rise to a 
number-system which is simply isomorphic with the field of all rational numbers. 

We proceed to define a fundamental relation between pairs of points of a 
net of rationality on a line for which 8 is satisfied: 

Definition. Two points A, C' of a non-modular net of rationality on a line 
are said to separate two others B, D of the net (in symbols AC || BD), if and 


*The modulus must be a prime number, since division must be always possible. 
+ This has as part of its content ‘‘Fano’s Axiom,’ that the diagonal points of a complete quadrangle 


are non-collinear. Cf. Gino Fano, Gior. di Mat,, Vol. XXX (1892), p. 106. 
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only if the assignment of the numbers 0, 1, to the points A, B, C respectively 
assigns a negative number to D. 

This definition is dependent on the order in which the points are taken. 
The following theorem shows, however, that the relation of separation is inde- 
pendent of the order of the pairs of points or of the order of the points within 
the pair: 


THEOREM 24. 1) The relation AC || BD implies the relations BD || AC and 
AC || DB, and excludes the relation AB || CD. 2) Given any four distinct points 
of a net of rationality on a line, we have either AB || CD, or AC || BD, or AD || BC. 
3) From the relations AC || BD and AD || CE follows the relation AD || BE.* 

This theorem follows at once from the following two: 


THeorEM 25. If AC || BD and (A, B, C, D) X (A’, BY, C’, then also 
A'C' || 

Proof. Since any projectivity transforms every quadrangular set into a 
quadrangular set, it is clear that the number assigned to D’ by the assignment of 
0, 1, « to A’, B’, C’ must be precisely the same as the number assigned to D by 
the assignment of 0, 1, o to A, B, C. 


THEOREM 26. Two points a, c of the net R(0, 1, ©) separate two others b, d 
of this net tf and only if one and only one of the numbers a, c lies between the two 
numbers b, d. 

Proof. If we project a, b, c, supposed finite, into 0, 1, «© respectively by 
the transformation 

b—c 
b6—a 


it is readily seen that x is negative if and only if one of the numbers a, c, and 
only one, lies between 5 and x. The necessary modification of this argument in 
case one of the numbers a, 4, c, d is is obvious. 

harmonic pairs always separate each other. 


§5. The Assumption of Continuity and the Definition of a Chain. 


Definition. Given three distinct points A, B, C of a net of rationality on 
a line, the segment ABC (seg ABC) oi the net consists of B and all points X of 


* The properties expressed in this theorem are sufficient to define abstractly the relation of separation. 
Cf. VaILaTi, Révue de Mathématiques, Vol. V, pp. 76, 183; also, Papoa, Révue de Mathématiques, Vol. V, p. 185. 
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the net such that A, C do not separate B, X. The totality of points Y such that 
A, C do separate B, Y constitutes the segment complementary to seg ABC. The 
points A, C are called the extremities of each of the two segments. 

Clearly seg ABC and seg CBA contain the same points. 

Any two distinct points of a net of rationality on a line divide the net into 
two segments Sand 8’ such that the two given points separate every pair of 
points of which one belongs to S and the other to §’, and such that no pair of 
points of S separates any pair of points of S’. It is clear also that any point P 
of a segment S§ (of a net of rationality on a line) of which A and C are 
extremities divides the segment S' into two segments S,, S, such that no pair of 
points of §, separates any pair of points of S,, and such that the pair AP and 
the pair PC each separates every pair of points of S, of which one belongs to 8, 
and the other to §,. 

Definition. Any division of the points of a non-modular net of rationality 
on a line into two classes AK, and K, such that 

1) Every point of the net belongs either to K, or to Kj, 

2) No pair of points of A, separates any pair of K,, 
is called a cut in the net. The classes A,, K, are called the sides of the cut. 

Any two distinct points of a net of rationality on a line determine a cut, 
therefore, in which the two segments defined by the two points are the classes 
K, and K, respectively, provided the extremities of the segments be assigned to 
the classes A,, A, in any one of the possible four ways. 

From Theorem 25 follows at once that the projective transform of a cut 
is again a cut. 

Definition. Given acut K,, K, in a net of rationality on a line, and let 
A,, A, be any two points of K,, K, respectively; then a point X of the net 
which divides seg A, XA, into two segments S; and S, such that S, contains only 
points of K,, and S, only points of K,, is called a cut-point of the cut. 

It is evident from this definition that a cut can not have more than two 
cut-points. 

Definition. A cut in a net of rationality on a line is said to be closed, if it 
has two cut-points in the net; it is said to be singly open, if it has a single cut- 
point in the net; and doubly open, if it has none. 

Any closed cut K,, K, with cut-points C,, C, we will denote by K(C,, C,). 
Such a cut clearly divides the net of rationality into two segments S,, S, such 
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that all points of S, are in K, and all points of S, in K,. A singly open cut with 
cut-point C we will denote similarly by K(C). 

We now introduce continuity into the nets of rationality on a line by the 
following 


ASSUMPTION OF CONTINUITY, C: 


c. If there exists any non-modular net of rationality, at least one point Q of 
some line | and at least one net of rationality I on | containing Q ts such 
that associated with every singly open cut K(Q) in R is a point X, 
such that: 1) X), is onl; 2) if two cuts K,(Q) and K,(Q) are distinct, 
the points X,, and X,, are distinct; 3) if two cuts K,(Q) and K,(Q) 
are projective, the points X,, and X,,, form a homologous pair. 


THEOREM C. The point X, is not a point of 

Proof. 1) X;, is not identical with Q, by c, 2) and c, 3). 2) Suppose X;, not 
identical with Q but in R, and let J be the involution* with double points Q 
and X,. Then A(Q) is transformed into a different cut K’(Q). For if A, B 
are points on opposite sides of the cut K(Q) and in the same seg (QAY,), they 
are transformed into points of the complementary segment which are evidently 
on the same side of K(Q). Hence, by c, 3), we should have two distinct cuts 
having the same X,, which is contrary to ©, 2). 

The last assumption then implies the existence on some one line of more 
than one net of rationality, and hence by projection implies the existence of 
more than one net of’rationality on every line. It is then in contradiction with 
E3(r) (cf. end of §3), which we mentioned as an assumption of closure for 
“rational ’’ spaces. 

We proceed to prove the properties expressed in Assumption c and 
Theorem C for every net of rationality on every line. We note first that every 
singly open cut in any net of rationality A’ on / containing Q has associated with ita 
unique point. For, let A’(@) be such a cut and let II be any projectivity on 7 which 
transforms Ff’ into # and Q into itself. The cut A’(Q) is then transformed into a 
K(Q). By this projectivity a definite point X’ of / is transformed into the point X 
associated with this K(Q). Moreover the point X' is unique; for, if II, is another 
projectivity transforming #’ into & and K'(Q) into K,(Q), then I, I~ is a pro- 
jectivity transforming K(Q) into K,(Q). The supposition that X’ is not unique 


*An involution is defined as any projectivity on a line of period two. By ‘“the’’ involution mentioned is 
meant the one in which the transform of any point P of the line is the harmonic conjugate of P with respect 
to Q and X;. This form of statement does not assume the fundamental theorem. 


4 
if 
a 
iq 
ig 


VeBLEN and Youne: A Set of Assumptions for Projective Geometry. 365 


then leads at once to a contradiction of c,3). We define X' to be the point 
associated with K'(Q). Clearly also, with this definition, we see that if any two 
singly open cuts K,(Q) and K,(Q) on 7 are distinct, the points associated with 
them are distinct; and that in any projectivity on 7 leaving @ fixed whereby 
two singly open cuts are projective, the associated points are homologous. 

Given now any singly open cut A(Q’) in any net of rationality on any line /’, 
let K(Q’) be projected into a cut K(Q) on 7; the point X associated with K(Q) 
is then the transform of a definite point XY’ on 7’ which is unique by reasoning 
similar to that employed in the preceding paragraph. We define X’ to be the 
point associated with K(Q’). The properties expressed by c, 2) and c, 3) are then 
readily seen to hold on every line in space. The point thus associated with a 
singly open cut we will call the irrational cut-point of the cut ; the other cut-point 
is then called rational. The results of the preceding paragraphs are summarized 
in the following: 


THEOREM 27. 1) Every singly open cut in any net of rationality on any line 
defines a unique irrational cut-point on the line not in the net. 2) If two such cuts 
on the same line with the same rational cut-point are distinct, the irrational cut-points 
are distinct. 3) If two singly open cuts are projective, thetr cut-points are homologous. 

Definition. The totality of points of a net of rationality R(A, B, C), together 
with all the irrational cut-points defined by singly open cuts K(C) in R(A, B, C), 
is called the chain defined by A, B, C, and is denoted by @(A, B, C). The 
irrational cut-points are said to be wrrational with respect to A, B, C. 

From 8) of the last theorem then follows directly : 

CoroLLARY. The projective transform of any chain is a chain. 


THEeorEM 28. Jf P, Q, & are points of the chain defined by A, B, C, then 
A, B, C are points of the chain defined by P, Q, R. 

Proof. Asin the proof of Theorem 16 we need only show that if P is a 
point of @(A, B, C), then C is a point of ©(A, B, P) and this only when P is 
irrational with respect to A,B,C. Let P be defined by the singly open cut K(C). 
This cut is transformed by the projectivity (A, B, C, P) A (B, A, P, C) into a 
singly open cut A(P) of the net &(B, A, P), whose irrational cut-point must 
(by Theorem 27, 3)) be C. 

CoroLuary 1. A chain is determined by any distinct three of its points. 

CoroLiary 2. A chain contains the irrational cut-point of every singly open cut 
in any net of rationality in the chain. 
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CoROLLaRy 3. Every point of &(A, B, C) irrational with respect to A, B,C 
can be defined by a singly open cut K(P), where P is any point of R(A, B, C). 
We can now easily derive 


THEOREM 29: THE FUNDAMENTAL THEOREM OF PROJECTIVITY FOR A CHAIN. 
If A, B, C, D are distinct points of a chain and A', B', C' any three distinct points 
of a line, then for any projectivities giving (A, B, C, D) XK (A', B’, C’, D’') and 
(A, B, C, D) (A', C', Di) we have = Dj. 

Proof. Let TI, II, be the two projectivities mentioned in the theorem. 
II;' TI then leaves every point of @(A, B, C) fixed; for it leaves every point of 
R(A, B, C) fixed, and hence by Theorem 27, 3) must leave every irrational cut- 
point of singly open cuts in R(A, B, C) fixed. But My’ Il is then the identical 
transformation as far as the points of (A, B, C) are concerned; whence D/=D;). 

This theorem may also be stated as follows: 

Any projective correspondence between the points of two chains is uniquely 
determined by three pairs of homologous points. 

From this theorem follows that the points of a chain determine a com- 
mutative number-system, which by reference to Assumption Cc will in the next 
section be seen to be isomorphic with the system of ordinary real numbers. 


§6. Ordered Transformations in a Chain. 


The relation of separation between pairs of points has been defined only 
when the four points belong to the same net of rationality ona line. We proceed 
to extend the definition to any four points of the same chain. 

Definition. A, B, C, D being four points of the same chain and D irrational 
with respect to A, B, C, the pair A, C is said to separate the pair B, D, if and 
only if A, C belong to different sides of the cut K(B) of R(A, B, C) defining D. 

This definition is justified by Corollary 3 of Theorem 28. 

This relation of separation is now defined for all the points of a chain, and 
is readily seen to have the fundamental properties expressed in Theorem 24. 
For Theorem 25 clearly holds for the more general use of the term, and this 
leads easily to the properties mentioned. 

Definition. Given any three distinct points of a chain, the segment ABC of 
the chain (Seg ABC) consists of B and all points X of the chain such that A, C 
do not separate B, X; the remaining points of the chain, excluding A, C, con- 
stitute the segment of the chain complementary to Seg ABC. In the sequel the 
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word ‘segment’? will always mean segment of a chain, unless otherwise 
specified. 

Clearly Seg ABC and Seg CBA contain the same points. 

Any two distinct points of a chain then divide the chain into two comple- 
mentary segments such that the given points separate every pair of points of 
the chain of which one lies in one of the segments and the other in the other 
segment. Conversely, whenever the points of a chain fall into two classes K,, K, 
such that every point of the chain belongs either to K, or to K, and such that no 
pair of points of A, separates any pair of K,, there exist two points of the chain 
which divide the chain into two segments S,, S, such that every point of S, is a 
point of K, and every point of S, a point K,. 

We may now readily define order in a chain. We have seen that Seg ABC 
and Seg CBA contain the same points. Corresponding, however, to the two 
symbols ABC and CBA we distinguish two orders in the segment. 

Definition. If two points P, Q are two points of the segment ABC of a 
chain, P is said to precede Q(P <Q) in the order ABC if and only if AQ|| PC; 
Q is then said to follow P(Q >P). Further, A is said to precede and C'to follow 
every point of the segment in the order ABC. The phrase “P, Q,...., etc., are 
points of the directed segment ABC” will in the sequel imply that P, Q, etc, 
are points of the segment ABC and that the statement P< @Q means “P<Q 
in the order ABC.” 

This relation of linear order (<) is at once seen to satisfy the following 
conditions : 


THEOREM 30. 1) we have P< Q ina given order, then Q< P is impossible 
in that order. 2) If we have P $ Q, then in a given order we have either P <Q or 
Q<P. 3) If P,Q, R are points of a directed segment ABC such that we have 
P< Qand Q< R, then we have P< R.* 

From the definition of order it follows that if P precedes Q in the directed 
segment ABC, then Q precedes P in the directed segment CBA. The order in 
these two directed segments is therefore said to be oppostte. 

A chain is now seen to have the following fundamental property: 


THEOREM 31. Jf the points of a directed segment of a chain be divided into 
two classes H,, H, such that every point of the segment belongs either to H, or to Hp, 


* These three properties are sufficient to define linear order abstractly. Cf. Huntineton, The Continuum 
as a Type of Order, Annals of Mathematics, Vol. VI (1905), p. 151. 
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and such that every point of H, precedes every point of H,, then there exists one point 
M of the segment such that every element which precedes M is a point of H, and 
every point which follows Mis a point of Hy. 

Definition. A sequence of points P,, P,, P3,...-, P, of a chain is said to 
be an ordered sequence, if they are points of a directed segment such that 


Any three points of a chain are an ordered sequence, but any four points 
are not. 


THEOREM 32. Jf A, B, C, Dare an ordered sequence, so also are B, C, D, A. 

Proof. By definition we have AC'|| BD in the directed segment ACD; 
whence in the directed segment BDA, we have BD || CA. 

Corottary. Jf P,, P3,.---, Py form an ordered sequence, so like- 

Hence, given any ordered sequence of points of a chain and starting with 
any one of the points, it is possible to write them so as to form an ordered 
sequence in two and only two ways. This is expressed by saying that we can 
take the points in two different directions, which are opposite.* 

Definition. A transformation which transforms every ordered sequence into 
an ordered sequence is called an ordered transformation. In all that follows, the 
word transformation denotes a correspondence which is single-valued (one-to-one) 
and whose inverse is also single-valued. 

From Theorem 25 we have at once: 


THEOREM 33. very projectivity on a line is an ordered transformation. 
Definition. In the number-system determined by the scale (0, 1, ©) on a 
chain a number a is said to be less than a number 4, if a< 6 in the order 0lw. 


THEOREM 34. The number-system determined by the scale (0, 1, «© ) in a chain 
is womorphic with the system of real numbers. 

Proof. This theorem may be conveniently established by referring to a set 
of postulates descriptive of the real number-system. We shall use the set given 
by Huntineton in Vol. VI (1905), p. 39, of the Transactions of the American 


* This establishes the so-called ‘‘cyclical order’? ina chain. Cf. ENRIQUES’ assumption, Vorlesungen iiber 
projektive Geometrie, Leipzig (1903), p. 23. 
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Mathematical Society. That Huntineton’s J, IJ, Al-A6, Mi, M2, AM1 are 
satisfied is equivalent to the fact that we have to do with a commutative number- 
system, which is a consequence of Theorem 29. In consequence of the definition 
above and Theorem 30 the elements of this number-system satisfy the magnitude 
relations “‘ greater and less than” and the postulate of continuity. This verifies 
Huntinaton’s R1-k6. The projectivities =2-+a and =az transform 
Seg (— a0) into Seg (0a) and Seg (01) into Seg (0am) respectively. 
This, in connection with Theorem 33, shows that if a>0 and 6>0 then 
a+6>0 and ab>0. In like manner if a<0 andb<0 thena+b<0. This 
verifies Huntinaton’s Al, RA2, RAM1, and completes the list of assumptions 
which he uses to characterize the system of real numbers categorically. 

We consider now a projective transformation of a chain into itself. Such a 
transformation is ordered, but the directions of the transformed sequences may 
or may not be the same as those of the original sequences. If the direction in 
a chain is preserved by a transformation, the latter will be called directly ordered, 
or simply direct; otherwise, if ordered, it is oppositely ordered, or opposite. 

The analytical condition that a projective transformation of a chain into 
itself be direct or opposite is now readily obtained. Let the chain be ©(01. ). 
We have already seen that for any class of points forming a commutative 
number-system any projectivity is given by 

, 


If €(01 « ) is transformed into itself it is clear that a, 6, c,d are all real numbers. 


D=ad — be + 0. (1) 


The projectivity =a + b is direct, 2! is opposite, while 2! = az is direct 


or opposite according as @ is positive or negative. The desired condition given 
in the following theorem is then obtained at once by recalling the theorem that 
the determinant of the product of two projectivities is equal to the product of 
their determinants. 


THEOREM 35. A projective transformation (1) transforming ©(01) into 
itself is direct or opposite according as D 18 positive or negative. 

Definition. A point which is made to correspond to itself by a trans- 
formation is called a double point of the transformation. A projectivity which 
transforms a chain into itself is said to be hyperbolic, parabolic, or elliptic im the 
chain according as it has two, one, or no double points in the chain. 
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The double points of a projectivity (1) transforming ©(01 ) into itself, if 
they exist, are given by the roots of the equation cz* + (d— a)x—b=0, where 
a, b,c, d are real. This equation has roots in the chain if and only if the 


discriminant 
A = (d — a)? + 4be 
= (d + a)?— 4D 
is positive or zero. 
From this follows at once: 


THEOREM 36. Ina chain, 1) every opposite projectivity is hyperbolic; 2) every 
parabolic or elliptic projectwity is direct. 

The proof of this theorem demands at some point a continuity argument 
We have chosen to borrow the desired result from the theory of functions of a real 
variable. It can, however, be proved directly from our assumptions without 
difficulty. We refer for this proof to Enriques, Vorlesungen iiber Projektive. 
Geometrie, Leipzig (1903), pp. 72, 100. 

Also from the definitions preceding we have at once: 


THEOREM 37. A hyperbolic projectivity in a chain is opposite or direct according 
as pairs of homologous points do or do not separate the double points. 

From the consideration of the fundamental cross-ratio it follows easily that 
if an involution (t.¢., a projectivity of period two) which transforms a chain into 
itself has a double point in the chain, it has another, and that the double points 
separate harmonically every pair of conjugate points. From the last two 
theorems and Theorem 26, corollary, then follows: 


THEOREM 38. An involution in a chain is direct and elliptic in the chain or 
opposite and hyperbolic, according as two patrs of conjugate points do or do not 


separate each other. 
Since an involution in a chain is determined by two pairs of conjugate 
points, the existence of both kinds of involutions follows. 


§7. The Ordinary Real and Complex Projective Spaces. 


We can now conveniently add the further assumptions necessary to charac- 
terize completely 1) the ordinary real projective space, or 2) the ordinary com- 
plex projective space, of three dimensions. Analytically this is equivalent to 
the identification of our number-system with 1) the system of ordinary real 
numbers, or 2) the system of ordinary complex numbers. 
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1). To characterize the ordinary real projective space we add simply the 
following assumption (of closure) : 

ASSUMPTION R. There ts not more than one chain on a line. 

A fundamental consequence of this assumption is the existence of pro- 
jectivities on a line without double points. In fact any involution on the line 
determined by two pairs of conjugate points which separate each other is of this 
kind (Theorem 38). 

2). On the other hand, to characterize completely the ordinary complex pro- 
jective space we need only replace AssuMPTION R by the following, ASSUMPTIONS I. 

ASSUMPTION 11. If there is a harmonic form, there is one (ABA'B') such that 

one involution I having AA! and BB' as conjugate pairs has a double point 
on the line AB. 

By Theorem 26, corollary, and Theorem 38, the involution J has no double 
points in the chain ©(ABA’); this assumption then implies the existence of 
more than one chain on the line AB. Assumptions R and 11 are then mutually 
contradictory (in connection with the assumptions already made). 

ASSUMPTION 12.* Through a point P of a chain © ona line land any point 

J of 1 not on W& there is not more than one chain that has no other point in 
common with © than P. 

We are now in a position to prove that our number-system is indeed 
isomorphic with the ordinary system of complex numbers. We will show first 
that every point of the line 7 is given by the expression A + JB, where A, B 
are points of © and J is a fixed point not on ©. 

Let the point P of © be labelled o and let any pair of points of © distinct 
from P be labelled 0 and 1 respectively. The points of © are then isomorphic 
with the system of real numbers and « (Theorem 34). Without assuming the 


commutativity of multiplication it is readily seen that 


d=an, 


each define a projectivity when a is constant. This follows easily from the Figs. 
2, 3 and 6 (cf. Theorem 12). The totality of points A+ J, where A stands for 
any point of @, therefore constitutes a chain ©,, by Theorem 27, corollary. This 
chain has no point in common with © besides P, because if A +J= B, where 
B(+ ~) isa point of ©, we should have B— A=J, which would make J a 
point of ©. 


*12 is an assumption of closure. 
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Now let X be any point of / not in © or ©. The chain © (XJP) has by 12 
a point a2, — P, in common with ©. The projectivity 2’ =x2+J(1—a;"z), 
(x, $ 0), transforms © into ©(XJP), so that every point of the latter and hence 
X isof the form A+J8, where A, B are points of ©. If x,=0, the pro- 
jectivity «’ Jz shows likewise that X is of the desired form (A=0). The 
points of ©, also have this form. The desired result is then established. 

We shall now prove the fundamental theorem of projectivity for all the 
points of our complex line by showing that the number-system determined on the 
line is commutative; that the latter is isomorphic with the system of ordinary 
complex numbers will then follow at once. 


o¢ 
KC 


Fig. 6. 


Let the points A, B, A’ of 11 be labelled 0, 1, «©, so that the chain © (ABA’) 
is made isomorphic with the system of ordinary real numbers (and  ), and let 
the double point of J in 11 be denoted by 7. By the result just established all 
the points of the line are of the form x + ty, where z, y are real, since 7 is not 
on the chain © (AB4A’). Moreover, two points a+ and c+ id are identical, 
if and only if a=c and b=d, if a,b,c,d are real; for the equality 
a-+ib=c-+ id implies the relation «= (e— a) d)"|, if b—d+#0. Now, 
each of the projectivities 2’ =i and «=<, evidently transforms the chain 
© (01. ) into the chain © (Oi ); this gives ai = ix,, where z, x, are real. Also 
each of the projectivities = and a =a(1—7) transforms € (01 ) 
into © (0, 1— 1%, « ), whence at once 


— t) = (1— t)ae, 
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x, X, being real, or by the distributive law (Theorem 13), 
L— Lt = — 


or by the above, 
ta, = — Up, 


or finally, 
= 

This gives xi = ix, for any real x, and hence follows readily the commutativity 
of multiplication for any two of the numbers «+ iy. This in connection with 
Theorem 14 proves the following: 

THEOREM 39. The fundamental theorem of projectivity holds for all the points 
of a complex line. 

For, if it is valid on one line it is valid on every line by projection. 

In view of the last theorem J is the only involution having 4A’ and BB’ 


as conjugate pairs and is given by a2’ = — - this gives at once 17 = — 1, and 
completes the proof of: 

THEOREM 40. The number-system on a line in the complex space is tsomorphic 
with the system of all complex numbers and «. 

It is interesting to note here the well-known fact that whereas the property 
of transforming any quadrangular set into such a set is necessary and sufficient 
to characterize projective transformations on a line in the real geometry, it is 
not sufficient in the complex. 

Suppose we have a transformation f which leaves the points 0, 1, » fixed 
and transforms quadrangular sets into quadrangular sets. It is then necessarily 
an ordered transformation subject to the following functional conditions: 

From the equation + 1) =/(x)+ 1 then follows at once that f(a) =a, 
where a is any positive integer; from /(x)+/(—«)=0 follows the same 
relation when a is any negative integer; from /(x) f(1/x)=1 then follows 
readily f(x/y) = f(x)//(y), whence follows at once the relation f(a) = a, where 
a is any rational fraction or zero, From the last relation and the fact that / is 
ordered then follows at once the fact that f leaves every real number fixed. But 
this is sufficient to identify any transformation which transforms quadrangular 
sets into such sets with a projectivity on the real line. For the complex line we 
have at once f(x+iy)=a+/(i)y. Let f(t) =a-+b, where a and b are 
real, then f(t) f(t) = —1 gives a?—b?+1+ 2abi=0, whence or 
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b=0; the latter leads to the impossible relation a? + 1=0; the former gives 
J(i)=+%. By Theorem 40, /(i) =i alone gives a projectivity; the relation 
J (t) =— leads to the so-called anti-projectivities of SrGRE.* 


§8. Categorical Systems. Quadratic Irrationalities. 


It is now very easy to see that our sets of assumptions for real and for com- 
plex projective geometry are categorical.t Confining our attention to the rea] 
case, it is clear that in any space satisfying assumptions A, E, H, C, R it is possible 
to establish a system of homogeneous coordinates such that every point is 
denoted by the ratios x, : 7,:x3:a,, where the x, are real numbers. Therefore, 
given any two such spaces, a one-to-one reciprocal correspondence is set up 
between them in such a way as to preserve all geometrical relations, provided 
each point in one space corresponds to a point with the same coordinates in the 
other space. Since it is possible to choose the tetrahedron of reference and the 
point (1, 1, 1, 1) in «0° ways (corresponding to the collineations of the general 
projective group), we have the following: 


THEOREM 41. Any two spaces which satisfy assumptions A, E, H, C, R are 
simply isomorphic in ways. 
In like manner is proved: 


THEOREM 42. Any two spaces which satisfy assumptions A, E, H, C,1 are 
simply isomorphic in ways. 

The following considerations will help to make clear the bearing of Assump- 
tions c, Randi. The points and lines of a two-dimensional net of rationality form 
in their relations among themselves a projective plane (Theorem 21) and may 
be discussed either by synthetic methods or by an analytic geometry in which 
the coordinates are rational numbers. Corresponding lines of two projective 
non-perspective pencils of lines in the net intersect in a set of points in the net 
which lie on a conic section. This conic is said to belong to the net. Denote such 
a conic by C. Let us now recall the definitions of addition and multiplication 
(p. 853) which require that x and y, 0 and x + y shall be pairs of an involution 
of which o is a double point, and that x and y, 1 and xy, 0 and o shall be 


* SEGRE, Un Nuovo Campo di Ricerche Geometriche, Torino Atti, Vol. XXV (1890), pp. 276, 430; Vol. XX VI 


(1891), pp. 35, 592. 
+ For a discussion of this mathematico-logical term see VEBLEN, HunTINnGTon’s Types of Serial Order, 


Bull. American Math. Soc., Vol. XII (1906), p. 303. 
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pairs of another involution. Projecting these involutions upon the conic C we 
have by a familiar theorem that the lines joining corresponding points of the 
involutions must meet in a point, through which pass the tangents at the double 
points, provided double points exist (cf. Figs. 7, 8). Therefore to construct the 
square roots of a number 2, it is necessary to construct the tangents to C from 
the point of intersection of the lines Oo and 1z. If z is—41, then 1 and — 1 
harmonically divide 0 and , 72. ¢.,, the line 0 passes through the point of 
intersection of the tangents at 1 and —1. The existence of  —1 depends, 


& 


Fi@. 9. 


therefore, upon the possibility of drawing a tangent to a conic section from the 
point P of intersection of two chords of the conic, each of which passes through 
the polar point of the other. Assumption 11 states that this is possible. 
Assumption R states that it is not possible. In the geometry in which F holds 
P is an inside point of the conic. 

For a conic associated with a net of rationality, as C is above, the interior 
and exterior may be defined as follows: The order of the rational points of the 
conic having been determined by projection from the order of the rational points 
on any line, draw two lines through any point P not on the conic, the first 
meeting the conic in A,, A,, and the second meeting the conic in B,, B,. If 
A,, A, separate B,, B, the point P is an interior point; if not, an exterior point. 


= 
; 
O 
° ° 
Fig. 7. 8. 
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Many of the purposes of elementary projective geometry are served by 
operations which do not introduce into the coordinates of the points considered 
irrationalities of more than a certain degree. For such purposes it is not neces- 
sary to assume as much as Assumption c. The presence of the rational points is 
assured by Assumptions a4, E and H. To adjoin to this field the operation »/z, 
where x is positive, we may assume instead of c: 

_ If Pts any point of a two-dimensional net of rationality R exterior to a conic 
C belonging to the net, then there is at least one tangent to C which passes through P 

Equivalent statements to this are: 

An involution in which points of a given net of rationality are paired with 
points of the same net, and in which two conjugate pairs do not separate each other, 
has at least one double point. (The latter statement is readily seen to be equiva- 
lent to the former by letting the involution lie on a conic.) 

A line joining two points of R, one interior to C and one exteriur, meets C in at 


least one point. 


§9. Last of Assumptions and their Mutual Independence. 


The following is a list of our assumptions for ordinary real projective space. 
The page references are to the. definitions of terms occurring in the assumptions. 
Al. If A and B are distinct points, there is at least one line containing both A 

and B. 

A2. If A and B are distinct points, there is not more than one line containing 
both A and B. 

A3. If A, B, Care points not belonging to the same line, and if a line l con- 
tains a point D of a line joining B and C and a point E, distinct from D, 
of a line joining Cand A, then the line | contains a point F of a line 
jouning A and B. 

EO. There are at least three points on every line. 

El. There exists at least one line. 

E2. It ts not true that every point lies on every line. 

E3. Jt is not true that every point lies on every plane. (P. 349.) 

E3’. If S is a three-space, every point lies in 8. (P. 349.) 

H. If there is a harmonic sequence, there ts one such that every point of it is 
distinct from all the points of the sequence that precede tt. (P. 359.) 
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c. Sf there exists any non-modular net of rationality, at least one point Q of 
sume line l and at least one net of rationality R on 1 containing Q is such 
that associated with every singly open cut K(Q) in R is a point X, 
such that: 1) X;,%s onl; 2) tf two cuts K,(Q) and K,(Q) are distinct, 
the points X,,, and X,, are distinct ; 3) if two cuts K\(Q) and K,(Q) are 
projective, the points X,, and X,, form a homologous pair. (Pp. 356, 363.) 
R. There is not more than one chain ona line. (P. 365.) 
For the ordinary complex projective space, Assumption R is replaced by 
the following two: 
11. If there ts a harmonic form, there is one (ABA'B’) such that one involution 
having AA' and BB' as conjugate patrs has a double point on the line 
AB. (Pp. 351, 364, footnote.) 

12. Through a point P of a chain © on a line l and any point J of I not in € 
there 1s not more than one chain that has no other point in common with © 
than P. (P. 365.) 

We are now to prove that the assumptions above given are mutually inde- 
pendent, 7. e., such that no one of them is a formal logical consequence of the 
remaining ones. The method of doing this is fully explained in connection with 
Assumption Al, and is only sketched in the other cases. 

AssumpTION Al. Consider the four letters A, B, C, P. Call them pseudo- 
points and call the set of three A, B, Ca pseudo-line. The whole set A, B, C, P 
may be called a pseudo-space. Now, if the words “point” and ‘‘line” in the 
assumptions are taken to refer to these pseudo-points and line, it is evident that Al 
is a false proposition, because there is no line containing both A and P. On the 
other hand A2 is a true proposition because there is only one line in all. a3 is 
true, though trivial. £0, £1, £2 are clearly true; £3 is true because no plane 
exists (cf. definition, p. 349). The hypotheses of Assumptions £3’, H, C, I, and I, 
are not satisfied by our pseudo-space. ‘To introduce a technical phrase due to 
Huntineton for the condition here met, Assumptions £3’, H, I, and © are 
“‘vacuously satisfied,’ or, as we may say more briefly, are “‘ vacant.’”’ Clearly 
Assumption R is true. 

Now any proposition which is a logical consequence of Assumptions a2, A3, 
E, H, Cc and R (or 1) either must be true of our pseudo-space or may be vacant 
because involving in its deduction one or more of the vacant assumptions. The 
proposition Al is neither true nor vacant of our pseudo-space, but false. There- 
fore Al is not a logical consequence of the other assumptions. 


| 
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ASSUMPTION A2. Let the pseudo-space consist of the points of an ordinary 
plane, and let all the usual lines be pseudo-lines, but in addition to these let all 
the points of the plane constitute a pseudo-line. In this pseudo-space every 
three points are collinear ; hence there exists no plane. It is then readily seen 
that Assumptions A1, £0, £1, £2 and R are true, while a3, £3, £3’, H, c and I are 
vacant. Clearly also a2 is false for this pseudo-space. This proves a2 inde- 
pendent of all the other assumptions. 

Assumption A3. Let. the pseudo-points consist of the nine digits 1, 2,...., 9; 
and let each row, each column, and each term in the determinant expansion of 
the matrix 


7 8 9 


constitute a pseudo-line. In this pseudo-space a3 is false, as can readily be 
verified. Al, A2, £0, E1, E2, E3, £3! and R are true; H, C, 11 and 12 are vacant. 

AssuMPTION E0. Let the pseudo-space consist of four pseudo-points, where 
the pseudo-lines are the pairs of pseudo-points. It follows that the planes are 
triples of pseudo-points. £0 is false, H, Cc and 11,12 are vacant, while all the 
other assumptions are true. 

AssumPTION El. Let the pseudo-space consist of one pseudo-point and no 
pseudo-lines. All the assumptions are vacant except £1, which is false. 

AssuMPTION E2. Let the pseudo-space consist of three pseudo-points A, B, C 
and one pseudo-line ABC. Here £2 is false. Al, A2,£0, £1 and R are true; 3, 
£3, E3’, H, C, 11 and 12 are vacant. 

AssuMpTION E3. Let the pseudo-space consist of all the points of a single 
real (complex) projective plane, and let the pseudo-lines consist of the lines of 
this plane. All the assumptions for real (complex) projective geometry are true 
except £3, which is false, and £3’, H, c, 1, which are vacant. 

Assumption £3’. Let the pseudo-space be an ordinary real (complex) pro- 
jective space of four dimensions. Its points may, for example, be described 
analytically as consisting of all sets of five homogeneous real (complex) coordi- 
nates (x, %2, X3, %4, Xs), except (0,0, 0,0, 0), the lines being the sets of all points 
which satisfy three linear homogeneous equations. For such a space all the 
assumptions for real (complex) geometry are true, except £3’, which is false. 

ASSUMPTION H. Let the pseudo-space consist of all sets of four homogeneous 
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coordinates which are ordinary integers reduced modulo 2. In this pseudo- 
space H is false, c, 11 and 12 are vacant, while all the other assumptions are true.* 

AssumPTION c. Let the pseudo-space consist of all sets of four homogeneous 
coordinates, except (0,0,0,0), which consist of rational numbers only. Since 
all the assumptions for real geometry are true of this space except c, this 
proves the desired independence in case of the real geometry. For the complex 
geometry let the coordinates consist of all numbers of the form A+ Bi, where 
A, B are rational. That parts 2) and 3) of c are independent of 1) and the other 
assumptions may be seen as follows: 

Cc, 2). Let [x] be a set of irrational numbers, such that every irrational 
number is of the form ax + 6, where a, b are rational, and such that none of the 
numbers x is rationally related to any other a’; 7. ¢., that there is no relation of 
the form = ax +5, where a and are rational.+ Now, let the pseudo-space 
consist of a three-dimensional projective space of points, whose coordinates are 
rational complex numbers. Using non-homogeneous coordinates let the line 7 be 
the line y=0,2z=0 and let the point Q be «. Then with the cut in the 
ordinary rational numbers which determines the number ax + 6 in the ordinary 
geometry associate the number a+2b. The same number a+ ib is then 
associated with an infinitude of distinct cuts, contrary toc, 2). All the other 
assumptions, including c, 1) and ¢, 3), are satisfied except 12, which is vacant. 

c, 3). Let the pseudo-space consist of the points of ordinary real or complex 
projective space, and let 1,(@Q) and K,(Q) be any two singly open cuts on /, and 
X,,, and X,, the cut-points determined by them in the ordinary geometry. In 
the pseudo-space associate XY,, with K,(Q) and X,, with A,(Q), and let all other 
irrational points be associated with their proper cuts in the ordinary way. , 3) 
is then false, while the other two parts of c and all the other assumptions for the 
real or complex projective geometry remain true. 


* For a detailed discussion of such finite spaces, cf. VEBLEN and BussEyY, Trans. Am. Math. Soc., Vol. VII 
(1906), pp. 241-259. 

+The assumption of the existence of a set [z] is closely related to ZERMELO’s assumption of the existence 
of an ‘ausgezeichnetes Element”’ in any class, though our assumption is weaker. It may be stated as follows: 
Let R(x) denote the class of all numbers of the form azx+b, where a and b are any rational numbers, and z is a 
given irrational number. Any two distinct classes /(z) are then mutually exclusive. Consider the class of a 


Our assumption above then states that there exists a class [x] of numbers which contains one 


classes F(z). 
The class of classes F(x) has the same 


and only one number from each of the classes (x), and no others. 
cardinal (Machtigkeit) as the continuum, whereas ZERMELO’s assumption has reference to the class of all sub- 


classes of the continuum, whose cardinal is greater than that of the continuum. 
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AssuMPTION R. Let the pseudo-space consist of the three-dimensional pro- 
jective space in which the coordinates are ordinary complex numbers. 

AssuMPTION 11. Let the pseudo-space consist of the three-dimensional 
projective space, in which the coordinates are ordinary real numbers. All the 
other assumptions for the complex geometry are true, except 11, which is false, 
and 12, which is vacant. 

AssumPTION 12. Let the pseudo-space consist of all sets of four homogeneous 
coordinates, excluding (0, 0,0,0), which are marks of a field, /, consisting of the 
ordinary complex numbers together with an additional unit, ¢, and all algebraic 
functions of these. 


PRINCETON UNIVERSITY. 


= 


On the Pentastroid.* 


By R. P. 


I. Introduction. 


In an article entitled ‘On a System of Parastroids,” in the July number 
of the Annals of Mathematics, the equations of the curves arising from the 
Wallace lines were found to be of the form 

where x and a, have for conjugates y and 6, respectively, and ¢ is a parameter 
which is limited to the unit circle. In the particular case where n= 3, this is 
the equation of a deltoid, or hypocycloid of three cusps; and where n = 4, it is 
the equation of the parastroid. I propose to discuss the nature of the curve 
when n = 5, but I shall also call attention to a few theorems which are true for 
the general case. The coordinates used are circular or conjugate, however most 
of the work will be done by means of mapping from the unit circle. 


II. Mechanical Construction.t 
When n = 5, the equation given above takes the form 
| O+ att+ai+ b?+yt+1=0, 
which may be written 
at + (— t—a/t) + (— 1/t — Bt). 
This second form is obviously the equation of a straight line which always 


passes through the point 
2=—t—af/t. 


But if ¢ is allowed to vary, then this point traces out an ellipse. Whence we 
see that, if a line be fixed to the generating point of an ellipse and given the 


* A preliminary report of this article was made to the American Mathematical Society, Feb. 23, 1907. 
tCf. Transactions of the American Mathematical Society, Vol. VII (1906), pp. 207-227. 
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proper rotation about this point, its envelope will be the curve in question. If, 
in Fig. 1, the distance of P from Mis u, and if the rotation of the line 7 about P 
is 3/2 that of M about O, then the equation of 7 is 


— ot + ap? +ayt—a=0, (1) 


where a is the clinant of the line 7 when ¢=1. The equation of the ellipse 
generated at the same time is 


(2) 


Fig. 1. 


In Fig. 2 is a diagram of the instrument as used in the construction of the 
figures which follow. The gears G, and G, are to each other as 1:2. The first 
is centered on AB and OA and does not rotate; while G,, centered on AB, 
rotates about P. 

If a different combination of gears—say G, G,, G, where G, and G, are to 
each other as 5:2 and G@ is any connecting gear—be used, the same curve is 
obtained. In Fig. 1, G, is to replace G,; G, remains unchanged; and G is 
between G, and G,. This combination gives the equation 


aut’ (3) 


By means of this double generation, every type of the curve (1), arising 
from varying uw and a, can be drawn. For example, from (1) it is obvious that, 


STEPHENS: On the Pentastroid. 383 


when u = 0, we have the equation of the hypocycloid of five cusps; and from 
(3), when « = 0, we obtain the cardioid, a curve of one cusp. These two are the 
limiting forms of the curve and we shall see that the curve varies from one to 
five cusps. 

It seems well to give a name to the curve (1). For several reasons the 
name Pentastroid seems appropriate, and so it will be used uniformly in what 


Za 


Fig. 2, 
follows to designate the curve (1). In the particular case where the curve is 
regular, that is, when « = 0, I shall retain the ordinary usage and refer to it as 


a five-cusped hypocycloid. 
III. The Equation. 


1. Let us consider the equation 
— att + ut? — aut? + ayt—a =0, (1) 


ade 
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which as ¢ varies envelops a curve of class five, for from every point there are 
five tangents to the curve. If (1) be divided by ¢ and then differentiated with 
respect to ¢, there results the equation, 


3a = 4t + Qu/t—ap/? + (4) 


the map equation of (1), from which it is seen that the curve is of the eighth 
degree. 


2. If, in equation (1), the point 2 be allowed to move off to infinity, the 

equation reduces to the form 
ay/z. (5) 

But y/xz is a turn, hence ay/x is a turn; therefore, for x at infinity in any 
direction, there are three tangents to the curve. 

Let the roots of (5) be ¢,, wt, o’ ¢,; then, on substituting these values of ¢ in 
equation (4) and adding, we obtain 

+x, = 0, 

where x; are the points of tangency of these parallel tangents. Therefore, 

To a pentastroid there are, in every direction, three parallel tangents, the centroid 


of whose points of tangency is constant. 
In a similar manner, it is proved that 
Every curve whose equation has the form 


+ ot" 14 4, + ¥+1=0, 


has n— 2 parallel tangents in any direction, and the centroid of their points of 


tangency 1s constant. 
This fixed point is defined as the center of the curve. For the curve with 


equation as given the center is the origin. 
3. We have seen that the map equation of the basic ellipse is 
(2) 
The clinant* of the tangent to this ellipse is 


? — 
dis|dy = 


*F. Franklin: Some Applications of Circular Coordinates, AMERICAN JOURNAL OF MATHEMATICS, Vol. 
XII (1890), p. 162. 
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The clinant of the tangent to the curve (4) at the point which has the same 


parameter is 
dx /dy — 


These clinants are equal, that is the tangents are parallel, when 
ut? — aut? +a=0, (6) 
but this is the condition that the two points of tangency shall coincide. 
Therefore, 
The pentastroid touches tts basis ellipse in five points, real or imaginary. 


(Fig. 3.) 


Fig. 3. p=. 5 (nearly). 


In the particular case where 4 = 1, equation (6) can be solved, and the 
roots are + 1, ¢,, wt,, wt,, where ¢, is one of the cube roots ofa. Putting these 
values in the map equation (4), we obtain as the points of tangency 

= 2, = — 2, 
= t + 1/6, a, = wt, + 
wt, + 
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The ellipse in this case is the segment of the line joining + 2 and — 2. So the 
pentastroid passes through the points + 2 for every valueofa. The three other 
points of tangency are on the axis of reals. Hence we see that 

When u=1, the pentastroid passes through the points + 2, and the axis of 
reals is a triple tangent. (Fig. 4.) 


Fig. 4. p=. 


4. Orthoptic Curve. To the tangent 

— + ut? — aut? + ayt—_a=0, 
the tangents obtained by giving ¢ the values —¢, — wt, — wt, will be perpen- 
dicular. Substituting the first of these values, we obtain 

att + ut? + aul? + ayt+a=0. 
If this equation be subtracted from the one above, there results 

—a(u/é + (7) 

which is the map equation of a limacon. By means of the same method as that 


used in connection with the basic ellipse, it is easily shown that this limacon 
touches the pentastroid in five points whose parameters are given by the 


equation 


20° + ut? + apt? + 2a = 0. (8) 
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When w= 2, this equation can be solved and its roots are +1, t,, 
where ¢, is one of the cube roots of —a. Substituting these values in (7), we 
obtain as the five points of tangency: a (which is counted twice and is therefore 
a node), ut, + 1/t,, wot, + @/t,, uot; + o/t,. From equation (4) it is seen that 
x =a is also a node of the pentastroid. 

On substituting — wt and — o*t for ¢ in equation (1) and finding the inter- 
sections of the resulting equations with (1), we have 


22 = (1 —o )t + — @*)/t + + ao (9) 
22 = (1— + w(1—@)/t+ ayo /? + 


respectively. These two forms are easily shown to represent the same curve, 
for, when ¢ in the second becomes — at, the first results. 
This curve also touches the pentastroid in five points. The parameters of 
these points of tangency are given by the equation 
(5 + 80) + u(1 + 307) + au(30 + 1)? + a(5 + 30”) = 0. (10) 


The orthoptic locus of the pentastroid is composed of a limagon and the curve (9). 


and 


5. Singularities at Infinity.* By comparing equation (1) with the equation 
ux + vy =1, where u and v are 1/a and 1/6 respectively (a being the reflexion 
of the origin in the line), the equation of the curve in line coordinates is derived 
as follows: Equating coefficients, we obtain 

u=— ft, 

vo =at, 

+ ut? — aul’? —a, 
where w is introduced for the sake of homogeneity. If ¢ be eliminated from 
these three equations in such a way as to form a homogeneous equation in 4, v, 
and w, the resulting equation is the one required. It is 


auvw® — [a? u? (u + uv)? + (uu + + (uu + v)(u+ur)] =0. (11) 
This equation can be transformed to Boothiant coordinates by the substitution 
= & — wy. 


Since the coordinates of the line at infinity (0,0, 1) satisfy equation (11), 
the curve is tangent to the line at infinity. The points J and J, whose equations 


*F, Franklin: loc. cit., pp. 161-190. 
tBassett: Hlementary Treatise on Cubic and Quartie Curves, p. 30. 
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are w= 0 and v=0 respectively, are such singular points of the curve that the 
tangent at each has contact of the third order. This tangent is the line at 
infinity, therefore the line at infinity is a double tangent. 

The pentastroid ts a curve which has the line at infinity for a double tangent 
whose points of tangency are the points I and J, at each of which the contact is of 
the third order. 

From this it follows that all the foct of the curve are at infinity. 


6. Cusps. The curve will have cusps when da/dy = 0, provided the roots 
of the resulting equation are turns. Thus we find the parameters of cusps are 
the roots of the equation 

ot) — ut? + aut? — 2a = 0. (12) 


This equation may have five turns for roots, hence we say in general that the 
pentastroid has five cusps, real, coincident, or imaginary. (Fig. 3.) 

On combining equation (1) with equation (12), we obtain 

30° — at! + ayt — 3a = 0 
and 
2at® — 3ut? + 38aut — 2ay = 0, 

of which the first is the equation of a regular pentastroid, 2. ¢., a five-cusped 
hypocycloid, and the second is the equation of acardioid. Both are concentric 
with (1). Whence we have the theorem, 

The five cusp-tangents of a pentastroid touch a concentric five-cusped hypocycloid, 
and also a concentric cardioid. 

If x and y be written for u in (12), thus, 

2¢ — at? + ayt?— 2a = 0, (13) 

it is obvious that for those values of x (¢. e. uw) on the axis of reals from which 
five tangents can be drawn to the regular pentadeltoid (13), equation (1) has five 
real cusps; that for those values for which (13) has three tangents only, equation 
(1) has only three real cusps; and that for those values for which (13) has only 
one tangent, equation (1) has only one real cusp. 

However, in the special case where a = 1, more definite limits can be stated 
for u. Equation (12) now becomes 


— 1) — (t— 1) =0, 


from which it is seen that ¢= 1 gives a cusp for all values of u. But since the 
curve is symmetrical with respect to the axis of reals—when a = 1—, if ¢ is a 


| 
i 
| 


STEPHENS: On the Pentastroid. 389 


root then 1/¢ is also a root. Suppose then that ¢, and ¢ are roots, then 1/t, and 
1/t, are roots also. These relations among the roots make it possible to solve 
the equation. From the symmetric functions we derive 
Ja = —1+V75+ (14) 
where a=é, + 1/¢,. 
Evidently a is real and less than, or equal to, 2 in absolute value when ¢ is 
a turn; hence, in order that a may be real we must have , 


5/2. 
The value of a will be less than, or equal to, 2 when 
1) ~—14V75+ 
that is, when u< 10; or 
2) |—1—V75+ Qu |S4, 


that is, when «<2. From which we conclude 

For all values of such that — 5/2 <u <2, the pentastroid for a = 1 has five 
cusps ; for all values of fe such that 2 < uw <10, there will be only three real cusps ; 
and for all other values of u there will be only one real cusp. 

The special cases u = — 5/2, 2, 10, when a =1, are interesting. Let us 
consider first ~—=— 5/2. Substituting this value of uw in equation (14), and 
solving for ¢, we obtain — 

each of which is repeated; that is to say, there are two pairs of coincident cusps. 


(Fig. 5.) 
If «= 10 when a=1, equation (12) reduces to the form 


(¢— 1)? (+ 1) =0, 


of which ¢=1 is a repeated root. Hence three of the cusps coincide. The 


other roots are 
—3 


These are not turns and hence do not give real cusps. In Fig. 6 is seen how the 


cusps tend to disappear as uw increases. 
If « = 2, equation (11) is solvable for all values of a. It takes the form 


+ a) (?— 1)=0, 


of which the roots are + 1, ¢,, wt,, wt,, where ¢, is one of the cube roots of — a. 
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Substituting these values of ¢ in equation (4), we find that the five cusps are as 


follows: 2, = 2 3/8—1/8a, 
— 2 2/3 — 1/3 4, 
2t, + 
2at, + 
= 20%, + 


Now as a varies, the first cusp traces out a circle with radius 1/3 and with 


Fig. 7%. p= 2. 
center at 2 2/3; the second traces out a circle with the same radius and with 
center at — 2 2/3; the third, fourth, and fifth trace out the same curve—the 
basic ellipse of the pentastroid. (Figs. 7, 8, 9.) 
The cusp-tangents at these cusps are: 

x— ay = 3 — 3a, 

ay=——3— 3a, 

y= 3t,+ 3/t, 

a+ y= S8at, + 307/t,, 

y=8oat, + 30°/t, 
of which the first two are perpendicular lines, passing through the fixed points 
3 and — 8, respectively; and the last three are parallel lines perpendicular to 


the axis of reals. 
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a= —1. 
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7. Miscellaneous Properties. In § 4 it was seen that when u = 2, then 
c= 
is a node of the pentastroid. As « varies, this node runs about the unit circle. 
The tangents at this node are 
tay=a+i, 


two lines which are perpendicular; hence, we can say that the curve cuts itself 
orthogonally at this node. (Figs. 5, 6, 7.) 
The equation of the line normal to the tangent 


ot! + ut — aut? + ayt—a=0 
at its point of tangency is 
5t° — + + aut? — ayt —5a = 0, 


a line which envelops another pentastroid concentric with the first. Hence, 
we have the theorem 

The evolute of the pentastroid is a concentric pentastroid. 

Since all the foci of the pentastroid are at infinity, it follows immediately 
from Laguerre’s theorem* that the sum of the reciprocals of the tangents to the 
curve from any point is zero. 


WESLEYAN UNIVERSITY, May 28, 1907. 


* Oeuvres de Laguerre, Vol. II, p. 25. 


A Table of the Values of m Corresponding to Given 
Values of 9(m).* 


By R. D. 


g(m) m m m 
1 1 2 36 37 57 63 72 73 91 95 
2 3 4 6 74 76 108 111 117 135 
4 5 8 10 114 126 146 148 152 
12 40 41 55 75 182 190 216 
6 7 9 14 82 88 100 2292 228 234 
18 110 1382 1650 252 270 
8} 15 16 20] 49} 43 49 78| 79 158 
98 80} 123 164 165 
44 69 92 138 176 200 220 
16 17 39 34 48 65 104 105 
40 48 112 1380 140]| 838 166 
- 19 97 38 144 156 168 84; 129 147 172 
54 180 210 196 258 294 
52 53 106 88 89 115 178 
20 a a “ 54 81 162 184 230 276 
29 93 4G 56 87 116 174 92; 141 188 282 
94 35 39 45 58 59 118 96 97 119 153 
59 56 70 60 61 77 93 194 195 208 
79 78 84 99 122 124 224 238 260 
90 154 186 198 280 288 306 
98 29 58 64 85 128 136 312 336 360 
30 | 31 62 160 170 192 390 420 
32 51 64 68 204 240 100}; 101 125 202 
80 96 102 66 67 134 250 
120 70 71 142 102 | 103 206 


* The object of this table is to give all values of m corresponding to every possible value of Euler’s 
¢-function of m up to g(m)= 1000. The table has been double checked up to ¢(m) = 500. The greater portion 
of the succeeding part of the table may be derived from this part in a simple way. 
that but very few errors will be found in the table. 

¢{ Read before the American Mathematical Society (Chicago), March 30, 1907. 
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m m g(m) m 


104 | 159 212 318 | 160; 187 205 328/]) 216/ 247 259 327 


106 | 107 214 352 374 400 333 351 399 
108 | 109 183 171 410 440 499 405 486 494 
189 218 266 528 600 660 518 532 648 
| 
| 249 332 498 810 
232 290 348 | 203 215 245 506 726 
261 344 392] 993 446 
120/143 155 175. 406 430 490 
1838 295 | “we | 
| 464 580 678 
244 248 286 | 173 346 
308 310 350 267 345 356 
366 372 396 | 368 460 534|| 227 454 
450 462 552 690 228 229 458 
126 | 127 254 178 | 179 358 232| 238 295 466 
128 | 255 256 272 180] 181 209 217 472 590 708 
320 340 384 279 297 362/| 2388) 239 478 
408 480 510. 418 434 240| 241 287 305 
130 | 131 262 594 325 369 385 
1321161 201 207 || 184| 235 376 470 429 465 482 
268 322 402 564 488 495 496 
192! 193 9221 291 
357 386 388 650 700 732 
416 442 448 738 744 1770 
140 | 213 284 426 | 476 520 560 792 858 900 
144/185 219 273 | 576 682 £612 924 930 990 
285 292 296 624 672 714 1050 
304 315 364) 720 780 840] 250} 251 502 
370 380 432) 197 394 252} 301 381 387 
438 444 456 | 198| 199 398 441 508 602 


468 504 540 | | 


148 | 149 298 | 309 412 618 | | 

150 151 302 | 908| 265 424 530 | 768 816 960. 

156 157 169 636 1020 
| 


606 750 | | 


| 

| 200) 275 303 375 762 774 #882 
| 

| 544 640 680 
| 


314 316 338 | 210) 211 422 | 260, 393 524 786 
| 212| 321 428 642) 262) 263 526 


474 


52 


| 

| | 
| 
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396 
o(m) | m | o(m) m | o(m) | m 
264/ 299 335 320 | 425 561 615) 366 367 734 
5386 598 644 | 656 704 748 | 368| 705 752 940 
670 804 828 | 820 14198 1410 
966 | 880 984 1056] zag 
268 | 269 538 (1122 1200 1230 | 
| | | 878) 379 758 
| 304 | | 380| 573 764 1146 
289 411 548 | 324) 489 513567 | 
277 329417 | 1026 1134 | 884) 485 579 595 
493 554 556 328) 415 664 830 | 663° 765 «(772 
658 834 846 | 996 | | 776 832 884 
280| 281 319 355 | 3380) 331 662 896 952 970 
562 568 638 | 333 501 668 1002 1040 1120 1152 
710 852 | 336 | 337 377 609 1158 1164 1190 
982| 283 566 | 645 674 688 1224 1248 1326 
988 323 365 455. 735 754 784 1344 1428 1440 
459 555 584. 812 860 980 1530 1560 1680 
585 592 1032 1044 1176] 389 778 
1218 1290 1470] 392) 591 788 1182 
S76 888910 344] 519 692 1038 597 608 621 
912 918 936 | 
1008 1080 1092 | 346| 347 694 794 796 874 
1110 1140 1170 | 348) 349 413 6531 938 1194 1206 
1260 | 698 826 1062 1242 
292| 293 586 352| 353 391 445] 400 
706 712 736 8 8 
| 1068 1104 1380 1100 1212 1500 
300 341 463 604! 537 716 1074 1650 
682 906 358 | 369 718 408| 409 515 818 
306| 807 614 | 360 403 407 427 824 1030 1236 
313) 313 371 395 | | 627 651 675 | 1272 1590 
471 477 507 | 693 724 806) 419 888 
626 628 632 | 814 836 854] 420) 421 473 497 
676 742 790 | 868 950 1086 589 683 639 
942 948 954 | 1098 1116 1188 842 844 946 
1014 | 1254 1302 1350 994 1078 1266 
316| 317 634 | 1386 1278 


i 

i 


Corresponding to Given Values of $(m). 


g(m) 


m 
535 856 1070 
/1284 
431 862 
432| 433 481 511 
| 545 657 665 
| 741 777 819 
| 855 866 872 
| 945 962 988 
1022 1036 1064 
1090 1296 1308 
1330 1332 
'1368 1404 1482 
11512 1554 1596 
1638 1710 
438) 439 878 
440| 575 605 759 
968 1012 1150 
1210 1452 1518 
442| 443 886 
444|} 669 892 1338 
448| 449 493 565 
898 904 928 
986 1130 1160 
1356 1892 1740 
452} 681 908 1362 
456| 457 687 914 
| 916 1374 
461 517 922 
(1034 
462 463 926 
464/699 885 932 
| 944 1180 1398 
1416 1770 
466 467 934 
468 553 711 1106 


| 1422 


| 486 


| 717 
479 


490 
492 


1494 
498 | 499 


| 500| 625 


(1250 


| 502) 503 


| 506 | 
| 508 | 


«504 | 


551 
637 
1016 
1204 
| 1524 
| 1764 
529 
509 
771 
1088 
1920 


| 
512) 


956 
958 
533 
861 
975 
1054 
1148 
1232 
1400 
1464 
1540 
1722 
1848 
1980 


729 


982 
747 


998 

753 
1506 
1006 

559 

783 
1102 
1270 
1548 
1806 
1058 
1018 
1024 
1280 
1542 
2040 


1004 | 


635 | 
903 
1113 
1274 
1566 | 


1028 
1560 
1632 


522 


524 
528 


536 
540 


544 


546 


552 


556 
560 


521 
1042 
1310 

523 

789 
| 623 
| 897 
} 
| 


1072 
1288 
1608 
1794 
2070 
807 
541 
837 
1084 
1674 
685 
1156 
1734 
547 
| 611 

987 
| 1229 
1662 
1974 

557 
| 725 
1065 
2130 


| 


1698 


| 
397 4 
| o(m) | = | o(m) | m 
| 476 | 1434 520 583 655 
| 478 | 1048 1166 
| 480} 527 715 || 1572 
| | 723 915) 1046 
| 964 976 | 1052 1578 
992 1066 | 801 805 
11144 1155 | 1005 1035 
| | 1220 1240 | 1196 1246 . 
| 1300 1480 | 1340 1602 
| 1446 1476 | 1610 1656 
1 1488 1584 | 1932 2010 
| 1716 1800. 
1830 1860 1076 1614 
1950 2100 589 813 
| 2310 891 1082 
4870 | 1178 1626 
1458 i 1782 7 
| 491 | — 867 1096 
581 | 1162 | 1370 1644 
1094 
= 695 = 831 | 
| 1108 1112 
= | 1316 1390 
1668 1692 
| 1124 1136 
| | 1420 1450 
| 1704 1914 
562) 563 1126 
849 1132 | 
568) 569 1138 
| 
| 
| 
| 
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g(m) m g(m) | m | | m 
576| 577 629 679 | 630 | 631 1262 | 676) 677 1354 
873 969 1071 | 632) 951 1268 1902) 682| 683 1366 
1095 1154 1168 | 636 | 749 963 1498) 684/)1083 1444 2166 
1184 1216 1258 | 865 1384 1730 
1292 1358 1365 | 641 697 2076 
1456 1460 1480 (1275 1282 13812) 690; 691 1382 
1520 1728 1746 (1394 1408 1496] 692/1041 1888 2082 
1752 1776 1820 '1600 1640 1700| 767 1047 1239 
1824 1836 1872 1760 1870 1968 | 1396 1534 1652 
19388 2016 2142 (2112 2244 2400 | 2094 2124 2478 
nt (2460 2550 2640 701 781 1402 
ne eed 642 643 1286 | 1562 
580| 649 1998 | | 704|1059 1173 1335 
584/879 1172 1758 | 703 763 — 
586 | 687 1174 | 981 999 1053 1564 1780 1840 
1944 1956 1962 
1192 1490 1788 708 | 709 1418 
598 | 599 1198 1998 2052 2106 712 895 1482 1790 
2268 2394 2480 
600| 601 671 #707 2148 
653 13806 
755 775 875 | 716 |1077 1486 2154 
909 1023 1195 | 856|1245 1328 1660| 719) 719 1438 
1202 1208 1342 1992 2490 720| 779 793 808 
1364 1414 1510 | 658 | 659 1318 905 925 1001 
1550 1750 1812 | 660; 661 713 737 1045 1085 1107 
1818 2046 92250 847 993 1089 1209 1221 1281 
606 | 607 19214 1322 1324 1426 1287 1395 1425 
612! 613 721 921 se 1694 1986 1448 1485 1558 
927 1226 1228 1575 1586 1606 
1442 1842 1854 | 664; 835 1386 1670 1612 1628 1672 
616 | 617 667 1234 2004 1708 17386 1810 
1334 672| 673 731 791 1850 1900 2002 
618 | 619 1238 833 1011 1015 2090 2170 2172 
620] 983 1244 1866 | 1017 1131 1805 2196 2214 2232 
624| 689 785 845 | 1846 1348 1376 2376 2418 2442 
939 1113 1185 | 1462 1508 1568 2508 2562 2574 
1252 1256 1264 | 1582 1624 1666 2604 2700 2772 
1352 1378 1484 | 1720 1960 2022) 2790 2850 2970 
1570 1580 1690 | 2030 20384 2064 | 3150 
1878 1884 1896 | 2088 2262 2352) 726) 727 1454 
1908 2028 2226 | 2436 2580 2610 732) 788 1101 1466 
2370 1 2940 | 1468 2209 


t 

° 
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Corresponding to Given Values of $(m). 399 
o(m) m g(m) m o(m) m 
736) 799 1504 1598 || 800|1025 1203 1353]] 864] 949 1235 1295 
1880 2256 2820 1515 1604 1616 1299 1877 1443 
738 | 739 1478 1804 2000 2020 1533 1635 1665 
742| 743 1486 1732 1744 1755 
74411119 1492 2238 post 3300 1898 1924 1976 
750 | 751 1502 | 809 1613 
756 | 757 817 889 | 810/ 811 1622 2590 2699 2598 
1161 1823 1514 | 816] 959 1227 1233 2664 2736 2754 
1516 16384 1778 1545 1636 1648 2808 2886 2964 
1862 2274 2286 1918 2060 2454 3024 3066 3108 
2322 2646 2466 2472 3090 3192 3240 3270 
760| 761 955 1522 || g90] 821 913 1642 3276 3330 3420 
1528 1910 2292 18 26 3510 3780 3990 
768! 769 965 1105 | 826| 827 1654 1756 2634 
1455 1538 1544 | 828| 829 893 973]] gsi 943 979 
1552 1664 1768 1251 1269 1658 1043 1265 1795 
1792 1904 1930 1786 1946 2502 1762 1815 1886 
1940 2080 2210 2538 1936 1958 2024 
2240 2304 2316 | 832|) 901 1696 1802 2086 2300 2420 
2328 2380 2448 2120 2544 3180 2530 2904 3036 
2496 2652 2688 | 33¢|/1957 1676 2514 3450 3630 
2856 2880 2910 | 838 839 1678 882 883 1766 
3060 3120 3360 | g40| 899 923 1055|| 
4/1329 1772 2658 
772) 773 1546 | 1075 1225 1263 
776|1167 1556 2334 1419 1491 1617|| 887 1774 
780/869 917 1179 1684 1688 179g | 3888/1115 1341 1784 
1738 1834 2358 1846 1892 1988 2230 2676 2682 
784| 985 1576 1970 92110 2150 2156 || 896|1347 1479 1695 
2364 | 92450 2526 2539 1796 1808 1856 
786| 787 1574 | 2556 2838 2982 1972 2260 2320 
792| 851 871 995. 3234 
1191 1311 1407 | 848/)1605 1712 2140 2958 3390 3480 
1449 1588 1592) 2568 3210 900 | 1057 1359 2114 
1702 1742 1748 852| 853 1706 2718 
1876 1990 2382) 857 1714 904/1135 1816 2270 
2384 2412 2484 858] 859 1718 | 2724 
2622 2814 2898 | 860/1293 1724 2586) 906| 907 1814 
796! 797 1594 862! 863 1726 910’ 911 1822 


{ 


CARMICHAEL: A Table of the Values of m, Htc. 


400 
m | | m ¢(m) m 
912 /1145 1871 1828 | 940| 941 1882 966 | 967 1934 
1832 2290 2742) 946 947 1894 970 | 971 1942 
| 952 953 1195 1906 || 972 | 1141 1461 1539 
(1912 2390 2868 1701 1948 92289 
2766 3102 | 960 | 1037 1067 1205 3402 
924] 989 1127 1389 1485 1581 1599|| 976/| 977 1954 
1852 1978 2254) 1683 1845 1928 || 980|1473 1964 2946 
2108 2132 2134|| 984/1079 1748 2158 
2006 2330 2360 9145 2288 2296 2324 2988 3486 
2796 2832 3540. 2410 2440 2464] 990; 991 1982 
930| 961 1922 | 2480 2600 2800|| 996| 997 1169 1497 
932 |1401 1868 2802 2860 2870 2892 1503 1994 1996 
0 
1431 1621 1659 3198 3366 3439 — 
1874 2014 2054 3444 3600 3660 
9198 2212 2366. 3690 3696 3720 2500 2510 2750 
2826 2844 2862 3900 3960 4200 3012 3750 
3042 3318 | 4290 4620 
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The unique participation in the Abel Centenary from all parts of 
the earth showed how thoroughly his profound genius was valued. It 
‘was a gathering of the greatest living mathematicians, who on behalf 
of their universities and academies honored his memory. 

It is intended to erect a monument worthy of Abel, and we, his 
fellow countrymen, taking into consideration the international char- 
acter and importance of his work, think we ought not to give the 
undertaking an exclusive character, but should rather invite mathe- 
maticians from all nations to take part and unite their contributions 
with ours. 

The monument, which will be 13 m. high, is now in plaster of 
Paris ready to be moulded in bronze. It is executed by Gustav 
Vigeland, Norway’s most eminent sculptor. On a high pedestal hover 
two gigantic genii, who bear on their backs the young seer, in whose 
face the artist has reproduced Abel’s features in a masterly manner. 

It may be added that eminent connoisseurs, foreign as well as 
Norwegian, have expressed their admiration for the work. 

This undertaking concerns the memory of that man through 
whom Norway has yielded her best and greatest to the scientific 
knowledge of all lands and times, and we appeal therefore with the 
fullest confidence to the scientific world. 

KRISTIANIA, March 1907 

W. C. BROGGER. ELLING HOLST. 
FRIDTJOF NANSEN. L. SYLOW. 
CARL STORMER. AXEL THUE. 


At the request of the committee, contributions may be sent 


through 


FRANK MORLEY, 


EDITOR AMERICAN JOURNAL OF MATHEMATICS, 
Baltimore. 
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